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ROUP theory methods have been used to 

obtain relations that are helpful in analyz- 
ing the Raman and infra-red spectra of sym- 
metrical polyatomic molecules. These relations 
have been derived by Brester,' Wigner? and 
Tisza,* and are summarized by Rosenthal and 
Murphy,‘ but their papers are somewhat ad- 
vanced for one who is not familiar with group 
theory. However, it is possible to use the results 
without much study of group theory itself. The 
purpose of this paper is to give an elementary 
explanation of the use of the formulas in obtain- 
ing the number of fundamental vibrations 
belonging to each vibration type (or state) and 
the activity of the fundamentals, combinations, 
and overtones in the Raman and _ infra-red 
spectra. 


SELECTION RULES 


Since this paper is intended for those having 
no previous knowledge of group theory, only 
those considerations necessary for obtaining the 


1C. J. Brester, Dissertation, Utrecht (1923). 

2 E. Wigner, Géttingen Nachrichten, 133 (1930); Grup- 
pentheorie (Braunschweig, 1931). 

8 L,. Tisza, Zeits. f. Physik 82, 48 (1933). 


4 J. E. Rosenthal and G. M. Murphy, Rev. Mod. Phys. 
8, 317 (1936). 


selection rules for the fundamentals, combina- 
tions and overtones of methylacetylene (CH3;—C 
=C-—H) will at first be introduced; further 
details will be given in a later section. 

One assumes for the equilibrium configuration 
of the molecule that the nuclei are located at 
fixed positions in space. Because of the geometric 
arrangement of the nuclei, the molecule possesses 
symmetry and there is a definite number of geo- 
metric operations, called covering operations, 
which can be performed on the molecule so that 
equivalent nuclei occupy the same points in 
space as in the originally assumed equilibrium 
configuration. There are only two kinds of 
covering operations—proper rotations and im- 
proper rotations (or rotary reflections). A proper 
rotation is simply a rotation through an angle 
+¢ about some axis of symmetry. An improper 
rotation is a rotation followed by a reflection in 
a plane perpendicular to the axis of rotation; 
thus a reflection is an improper rotation through 
an angle of 0°. 

For methylacetylene the principal symmetry 
axis Z (always considered to be vertical) passes 
through the three carbon atoms and the acety- 
lenic hydrogen atom (Fig. 1). The covering 
operations for this geometric arrangement of 
nuclei are: (1) the identity operation E, which is 
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SIDE VIEW 
Fic. 1 


END VIEW 
Fic. 2 


Fics. 1 and 2. Side and end views of the 
methylacetylene molecule. 


a rotation through 0° about the Z axis, (2) the 
operation C3, which means a rotation through an 
angle +27/3 rad about the Z axis and (3) the 
operation o,, which means a reflection in a plane 
passing through the Z axis and one of the H 
atoms. (The axis for this improper rotation is 
not the Z axis but an axis perpendicular to this 
plane.) Thus there are three classes of opera- 
tions: The first class E contains one element; the 
second class C3; contains two elements since there 
are two possible rotations, +27/3 or —27/3 
rad; and the third class oc, contains three ele- 
ments since there are three equivalent vertical 
reflection planes (Fig. 2). 

The afore-described set of operations consti- 
tutes a point group designated by the symbol C;,; 
the subscript 30 means that there are three 
vertical planes of symmetry and that the 
covering operations consist of three reflections 
and three rotations.® 

It can be shown by group theory methods that 
only three types of vibration are possible for any 
molecule of symmetry C3,: (1) nondegenerate 
vibrations which are symmetrical with respect 
to C; and also with respect to o,; this type is 
designated by the symbol A. (2) Nondegenerate 
vibrations which are symmetrical with respect 
to C3, but are antisymmetrical with respect to 


5For further details concerning this and other group 
symbols, see reference 4, pp. 325-329. 


oy; these are designated by the symbol Ag. (3) 
Doubly degenerate vibrations—vibrations that 
are isotropic in two directions at right angles to 
each other—which are antisymmetrical with 
respect to C3; these are designated® by the 
symbol E. 

A quantity called the character (obtained by 
use of group theory) is necessary for the deter- 
mination of the selection rules and the number 
of fundamentals of each vibration type. For a 
given vibration type there is a separate character 
for each class of symmetry operations; thus for 
a molecule of symmetry C3,, there are three 
characters for type Ai, three for type Az, and 
three for type E since there are three classes of 
operations for this group. These characters are 
listed in the upper part of Table I; the vibration 
types are written at the left and the classes are 
written at the top; the number in the parenthesis 
before each class symbol is the number of ele- 
ments (or operations) in that class. The charac- 
ters under the class symbol E give the degeneracy 
of the vibration: 1 for singly degenerate, 2 for 
doubly degenerate. The characters under the 
other classes are +1 for symmetrical vibrations 
and —1 for antisymmetrical vibrations. 




















TABLE I. 
Cav (A)E (2)C3 (3) ov 
A, 1 1 : 
Ae | 4 1 -1 
E 2 —1 0 
¢ 0° 120° | 
2 cos ¢ 2 —1 2 
+1+2 cos ¢ 3 0 1 xm(R) 
2¢ 6° 240° 0° 
2 cos 29 2 —1 2 
2+2 cos ¢ 
+2 cos 2¢ 6 0 2 = xa(R) 
xe(R?) 2 —1 z 
xe(R3) 2 2 0 
xe(R*) 2 —1 2 
xe(R>) 2 —1 0 
UR 7 4 5 
=(R) 15 0 5 








6 Unfortunately, it is customary to use the symbol E to 
represent both the identity operation and also the doubly 
degenerate type of vibration. 
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Infra-Red Spectra 


To determine which vibration types are active 
or inactive in the infra-red, one needs the char- 
acter xu(R) of the dipole moment. This is always 
given by 

xm(R) =+1+2 cos ¢, (1) 


where ¢ is the angle associated with the proper 
or improper rotation R; the plus sign is used for 
the proper rotations (EZ, C3), the minus sign for 
the improper rotations (c,). The quantities in- 
volved are listed in Table I. The character x(R) 
for a given class is always a linear combination of 
the characters of the vibration types for that 
class. Thus, for a molecule of symmetry C3», 
xm(R) =x41(R)+x2(R), the characters for A; 
and E here occurring once as shown below: 


E Cs 
1 
—1 


x41(R) 1 
xe(R) | 2 
xm(R) | 3 


In general it is difficult to determine by in- 
spection how many times the characters of the 
vibration types (here A;, Az, E) occur in the 
character x(R) of the dipole moment. The task 
is simplified by means of the reduction formula, 


(adding) 


1 
ae z mexm(R)x:(R), (2) 


G 


where Ng is the number of elements in the group 
(the sum of the number of elements in each 
class), m- is the number of elements in each class, 
xi(R) is the character of the vibration type, NV; 
is the number of times the character x;(R) of the 
vibration type appears in xmu(R), and the sum- 
mation extends over all the classes of the group. 
In the present example, 


Nai=§{1(3) (1) +2(0) (1) +3(1) (1) } =1, 
= ${1(3)(1) +2(0)(1) +3(1)(—1)} =0, 
=6{1(3)(2) +2(0)(—1) +3(1)(0)} =1, 


where Ve=1+2+3=6. Hence x4;(R) and x2(R) 
appear once and x42(R) does not appear in 
xmu(R); so xu(R) =x41(R) +x2(R). This is often 
written as M~A,+E or as M=A,+E. 

Since only vibration types whose characters 
are contained in x(R) are active in the infra-red, 
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only the fundamental vibrations of the types A, 
and E will be active for a molecule whose sym- 
metry is C3,. The reduction of x(R) by Eq. (2) 
is unique, that is, only one integral value of N; 
is obtained for each x;(R). 


Raman Spectra 


To determine which vibrations are active or 
inactive in the Raman spectra the character 
Xa(R) of the polarizability a is necessary. This is 
always given by 


Xa(R) =2+2 cos y+2 cos 2¢. (3) 


The necessary values are listed in Table I. Again, 
as in Eq. (1), the plus and minus signs apply to 
proper and improper rotations, respectively, and 
¢g is the angle associated with the operation. 
The character x2(R) must likewise be some linear 
combination of the x;(R). In this case one sees 
readily by inspection that 


E C3 
2x41(R) | 2 2 
2xe(R)|4 —2 
Xa(R) | 6 
or Xa(R) =2x41(R)+2x2(R). In general, how- 


ever, one must use Eq. (2), replacing xw(R) by 
Xa(R). Thus, 


(adding) 


1 
Ni=— LD mexa(R)xi(R) (4) 
N. 


G 


or, for the present example, 


Nai =6{1(6)(1) +2(0) (1) +3(2)(1)} =2, 
Na2=§{1(6)(1) +2(0) (1) +3(2)(—1)} =, 
Ne=6{1(6)(2) +2(0)(—1) +3(2)(0)} =2. 


Hence Xa(R) =2x41(R) +2x2(R). 

Since only vibration types whose characters 
appear in x_(R) are active in the Raman effect, 
only the fundamental vibrations of the types Ai 
and E will be active for a molecule of symmetry 
C;,. Again, as for x«(R), the reduction of xa(R) 
by Eq. (4) is unique. The selection rules for the 
fundamentals of a molecule with symmetry C3, 
are summarized in Table II. Active vibrations 
are designated by a and inactive vibrations by 7a. 
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TABLE II. Selection rules for the fundamental vibrations 
of a molecule with symmetry C3» 











Activity 
Type Raman Infra-red 
A 1 a a 
Ao | 1a ta 
E | a a 
Combinations 


To obtain the selection rules for combination 
frequencies »;+v;, it is necessary to form the 
direct product of the characters of the vibration 
types to which »; and v; belong. This is done by 
multiplying the characters of the vibration types, 
class by class. Thus in the present example the 
direct product A1XE of A, and E is obtained 
as follows: 








| E C; Tv 
xa(R) | 1 : 1 
(R 2 —1 
; xe(R) | ; (multiply) 
x41xE(R) “7 


It is seen that the character of the combination 
frequency x41x£(R) is the same as xz(R). This 
is often written briefly as Ai1XE~E or as 
A, XE=E, which means that if a frequency »; 
of type E combines with a frequency »; of type 
Ay, the resulting combination frequency »;+7; 
will be active wherever an E-type frequency is 
active, namely, for the present case, in both the 
Raman and infra-red spectra. 

Selection rules for other combination fre- 
quencies are obtained in the same way. In general 
it is necessary to use the reduction formula, Eq. 
(2), x(R) being replaced by the character of the 
combination frequency. This may be illustrated 
by the combination of a frequency »; of type E 
with another v; also of type E. One has 


xe(R) | 2 =i 0 
R) |2. =-1 
NF iS (multiply) 
xexe(R) | 4 1 0 


This can be uniquely reduced by means of the 
formula, 


1 
os Zz. Nexexe(R)xi(R). (5) 


ivVG 
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Hence 


Nai=6(1(4)(1) +2(1) (1) +3(0)(1)} =1, 
oe ~1, 
=6{1(4)(2)+2(1)(—1)+3(0)(0)} =1. 


Thus in the present case one has 


x41(R) 1 1 1 
x42(R) 1 1 — 
R 2 —1 0 
Ci .- 
xexe(R) | 4 
This is usually expressed briefly as EXE~A, 


+A2+E or as EXE=A;+A2+E, which means 
that if a frequency v; of type E combines with 
another frequency »v; of type E to give the com- 
bination frequency v;+»v;, the combination fre- 
quency will be active wherever any one of the 
three components A, A2 or E of EXE is active. 
Thus in the present case this combination will 
be active in both the Raman and infra-red. 

The selection rules, obtained in the foregoing 
manner, for all the possible binary combination 
frequencies of any molecule of symmetry C3, 
are summarized in Table III. It is seen that all 
combinations except A1XAz2 are active in both 
the Raman and infra-red. 


Overtones 


To obtain the selection rules for the overtones 
of nondegenerate vibrations, one proceeds in a 
manner similar to that used for combination fre- 
quencies. The character of the (x —1)th overtone 
is given by 


xi"(R) =[x:(R) J”. (6) 


Thus for the first overtone of an A2 frequency »;, 
the character is obtained as follows: 


xa(R)]1 1 1 

A(R) | 1 1 “a 
_xa(R) [dd 1 (multiply) 
x42(R) 1 1 . 


Since the character x42(R) of the overtone is the 
same as the character of A;, the character of the 
overtone contains only A; as a component and 
hence the overtone will be active where and only 
where A, is active; in the present example A; is 
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active in both the Raman and infra-red, hence 
the first overtone of an A: frequency will likewise 
be active in both the Raman and infra-red. 


3 
The character of the second overtone x42(R) 
is obtained as follows: 


x42(R) | 1 
_x42(R) 1 





(multiply) 
3 

x42(R) | 1 1 —1 

It is seen that the character of the second over- 
tone is the same as the character of Az and hence 
contains only Az as a component. The second 
overtone is thus inactive in both the Raman 
and infra-red since Ag is inactive in both cases. 
The selection rule for overtones of frequencies of 
type A» is thus seen to be 


A, for n even 


A= 
Az for n odd 


and in the same manner one gets for the A, 
overtones, 


A;"=A\. 


Consequently, for any molecule of symmetry 
C3», all overtones of A, frequencies are active in 
both Raman and infra-red, but only the A» 
overtones for which 7 is even are active in the 
Raman and infra-red. 

Obtaining the selection rules for the overtones 
of the degenerate vibrations is somewhat more 
involved. For the doubly degenerate vibrations 
(type EZ), one must use the formula, 


xe"(R) =3Lxe""(R)xe(R)+x2(R")]. (7) 
For the first overtone this becomes 
xe*(R) =3{Lxe(R) P+x2e(R?)}; (8) 


xz(R*) is the character corresponding to the 
operation R performed twice in succession. For 
C;, the classes of operations R are E, C3 and o». 
Consequently it is necessary to determine 
xe (E?), xz(Cs?) and xz(o.’). 

The identity operation E performed twice 
places each nucleus in its initial position, the 
same result as would be obtained by performing 
the identity operation once; hence, xz(E*) 
=xn(E)=2 (from Table I). The operation 
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TABLE III. Selection rules for binary combination fre- 
quencies of a molecule with symmetry C3»; 
a=active, 7a= inactive. 





Activity 


Raman 


Combination Infra-red 


AiXA 
AiXA2 
AiXE 
A2XA2 
AXE 
EXE 


C3=C(+27/3) performed twice places the 
nuclei in the same position as would have resulted 
by performing the operation C(+-27/3) once; 
hence xz(C3?) =x2(C3) = —1. The operation o, 
performed twice places the nuclei in the same 
positions as would have resulted by performing 
the operation E once; hence xz(o.2) =xz(E) =2. 
In a similar manner it is easy to show that 


xe(E*) =x2(E)=2, 
xze(C3*) =xz2(E) =2, 
XE(oy*) =xz(or) =0. 


The values of xz(R") up to m=5 are listed in the 
lower part of Table I. . 


The quantity [xz(R) } is obtained simply by 
squaring xz(R). The character of the first over- 
tone xz*(R) is thus obtained from Eq. (8) as 
follows: 

xe(R) 3 

xz(R) —1 

Lxe(R) } 1 
xz(R?) —1 

0 

xe(R) | 3 0 





(multiply) 





(add) 
— (divide by 2) 


Since xz2(R) is not the same as the character of 
A;, Az or E, it must contain more than one 
component. These components can be found by 
use of Eq. (2), substituting xz"(R) for x(R); 
thus one obtains, 


1 , 
aaa dX nexe(R)xi(R) (9) 


G 


or, for Cs3,, 


Nay =#{1(3)(1) +2(0) (1) +3(1) (1) } =1, 
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Na2=§{1(3)(1) +2(0) (1) +3(1)(—1)} =0, 
Ne=6{1(3)(2)+2(0)(—1) +3(1)(0)} =1. 


Hence E?=A,+E£. This may be verified by 
adding the characters of A; and E (Table I). 
Since the A, and E frequencies are active in both 
Raman and infra-red, so is the first overtone of 
a frequency of the E type. 

For the second overtone, Eq. (7) becomes 


xe*(R) =2{x2?(R)xe(R)+xe(R%)}, (10) 


and to obtain the character of the second over- 
tone xz*(R) one proceeds as follows: 














xe(R) | 3 0 1 
R)|2 -1 0 

| xs(R) | (multiply) 
xe*(R)xe(R) | 6 0 oO 
R 2 0 

xh) (add) 
L Sines Allie tig i 
xe%(R) r : : divide by 


The number of components in xz*(R) may 
now be found from Eq. (9), replacing xz*(R) by 
xz°(R). The result is E3=A,+A2+E. Hence the 
second overtone is likewise active in both the 
Raman and infra-red. 

The selection rules obtained in the foregoing 
manner for the overtones of any molecule of 
symmetry C3, are summarized in Table IV. 

For triply degenerate frequencies’ (type T) 
one must use the equation, 


xr"(R) =3{2xr(R)xr"-'(R) — 3xr"*(R)Lxr(R) P 


+3x7r(R2)xr"(R)+x7(R")}. (11) 






TABLE IV. Selection rules for the overtones of a molecule 
with the symmetry C;, 








Activity 
Overtone Ai Ae E Raman Infra-red 
A," 1 0 0 a a 
A2”(n even) 1 0 0 a a 
A2"(n odd) 0 1 0 ia ia 
FE 1 0 1 a a 
E3 1 1 1 a a 
E‘ 1 Q- 2 a a 
1 1 2 a 


ES 


7 For higher degeneracies, which seldom occur, see Tisza, 
reference 3. 
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Number of Fundamentals of Each Type 


While the selection rules just discussed apply 
to any molecule of symmetry C3,, the number of 
vibrations of each type depends upon the number 
of atoms in the molecule. To find the number of 
fundamentals of each type, one needs a quantity 
=(R) which is given by 


(ur—2)(1+2 cos ¢) 
for proper rotations, 
(uwr)(—1+2 cos ¢) 


for improper rotations, 


=(R)= (12) 


where ¢ is the angle associated with the proper 
or improper rotation and uz is the number of 
nuclei unchanged by the operation R. The neces- 
sary quantities for methylacetylene are listed in 
Table I. The number of frequencies of each type 
is given by 


1 
N;=— e=(R)x:(R), 13 
New” )x«(R) (13) 


where the summation extends over all the 
classes of the group. Thus one has for the present 
example, 


N4,=§{1(15) (1) +2(0) (1) +3(5) (1) } =5, 
— 6{1(15) (1) +2(0) (1) +3(5)(—1)} =0, 
6 {1(15) (2) +2(0)(—1) +3(S)(0)} =S. 
Hence the methylacetylene molecule has five 
nondegenerate A, fundamentals and five doubly 


degenerate E fundamentals, a total of fifteen. 
This is sometimes written in the form, 


T=5Ai+5E. 


i 


There should be 3N —6 fundamentals for a non- 
linear molecule containing N atoms. For methyl- 
acetylene N=7, so 3N—6=15; hence the above 
number of fundamentals is seen to be correct. 
Since all the fundamentals are of type A; or E, 
each of which is active in both Raman and 
infra-red, one has the result that for methyl- 
acetylene all fundamentals, binary combinations 
and overtones are active in both the Raman and 
infra-red. 

Ammonia is another molecule of symmetry 
C3, and hence the selection rules for NHz are the 
same as those already derived for methyl- 











C1| z 
Al\1 
C|E 
A|1 








acet 
is di 
A, d 


viou 
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dege 
deg 
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TABLE V. Characters for various groups. 


a4 


C. 


| 
Cus, | 


De 
Ce» 





AY | 1 





eo = ett! 
C3,=C3Xon | 
C3;=Se=C3XI | 


cs 
Sy S3 


1 1 
=3 


=) 


C5 


Cy =CyXI 





| 

=¥ omen | 
4 

“| Cu=CexI 


—w* 
Ww 


ov 


Cot 


Vi=Da=VXI 





1 
1 
—1 
—1 


3C,’ 
Se 


1 Dsa=D;3XI 
—1 
0 





Dya=DixXI 





acetylene. However, since the number of atoms 
is different it will not have the same number of 
A, and E fundamentals. Using Eq. (13) as pre- 
viously described, one obtains 


Tl =2A,42E. 
Thus the ammonia molecule -has two non- 


degenerate vibrations of type A; and two doubly 
degenerate vibrations of type E. 


Da=DexI 


Do.=D.XI 


2S38 


1 

1 
—1 
—1 
—v2 
0 

v2 


| 
wh) he 


Accidental Degeneracy 


Sometimes an overtone or combination fre- 
quency has nearly the same value as the fre- 
quency of some fundamental. In such a case two 
lines rather than one may be observed.®*® The 


8 E. Fermi, Zeits. f. Physik 71, 250 (1931). 
9D. M. Dennison, Phys. Rev. 41, 304 (1932). 
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symmetry condition that this be possible is that 
the overtone or combination frequency have a 
component which has the same symmetry as the 
fundamental. An example of this is the case of 
dimethylacetylene,'® for which there isa resonance 
splitting of the A, fundamental near 725 cm™ 
due to interaction with the first overtone of the 
371-cm— E fundamental. The symmetry of 
dimethylacetylene is D3,; for this symmetry 
E?=A,+E. Since the character of the first 
overtone contains the character of A; as a com- 
ponent, the resonance splitting is permitted in 
accordance with the symmetry condition. An- 
other case of resonance splitting occurs in the 
same molecule; this is the splitting of the A, 
fundamental near 2270 cm~ by interaction with 
the first overtone of the 1126-cm-! A» funda- 
mental. This is permitted by the symmetry con- 
dition since A?= A. 


ADDITIONAL POINT GROUPS 


In order that the foregoing methods may be 
applied to other molecules, tables of characters 
for additional point groups are given in Table V. 

In the upper left-hand corner of each table is 
given the symbol of the group (Ci, C;, Cs, etc.). 
The classes of the covering operations are listed 
at the top; C,* denotes a proper rotation of 
+2k/n rad about a symmetry axis, S,* denotes 
an improper rotation of +2xk/n rad about a 
symmetry axis, o, is a reflection plane perpen- 
dicular to the Z axis, a» is a reflection plane 
passing through the Z axis, oa is a diagonal 
reflection plane containing a symmetry axis and 
bisecting the angle between two other symmetry 
axes, and J is an inversion, that is, an improper 


TABLE VI. Formation of the characters of Dsa from the 
direct product of the characters of D; and C,. 





D; | E 3C,’ 


A, | 1 
Az | 1 
E |2 


3C2’ 


1 
1 
1 
1 
0 
0 








0B. LL, Crawford, Jr., J. Chem. Phys. 7, 555 (1939). 
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TABLE VII. Molecules belonging to various groups. 





Group Molecules 


Any molecule having only the class E, for ex- 
ample, CH;OH. 

HOD, HSD, PC1i:Br, PBreCl, NH.Cl, HDCO, 
CeH3D; (unsym.). 

C3He (cyclopropane). 

H.0, D.0, SO2, H2S, H2CO, CH2Cle, CF:2Cl., 
CH:CO (ketene), (CH2)20 (ethylene oxide), 
CC1,0 (phosgene), (CH2)2S (ethylene sulfide), 
C.H;D, CD;H, C.H;Cl, m-Cs5H4Dze, vic- 
C.H3D3;, m-Cs6H2D,, o-CsH,Dz,’ o-CsD4Ho, 
m-C.H,.Cle, ClOs, C1.0. 

C2Hy, CeDs, CeCls, p-CeHsDz, 
p-CeHiCle, NOs. 

NH;, AsCl;, PC. AsF3, CH;Cl, CH;D, PF;CIl, 
CH;CN, CH;NCO, BrCCl;, CHCl;, CDCl, 
CH;C=CH, CH;C=CD, CH;C=CCl, CH;C 
=C—C=C-—H, CH;C=C—C=CD, CH;C 
=C-—C=CCl. 

H.C =C=CH:. 

Ptci-, Pd€i.-. 

CO;", NO;-, PF3:Cle, B3N3He (triborane tri- 
amine), 1,3,5-C6H3Ds, 1,3,5-CgH3Cls. 

CH;C=CCH:3. 

Cl;C-CCl. 

CeHe, CeDo, CoCle. 

Ss. 

CHg, CCly, SiCl,, P4, GeHy, SiH,, TiCl,, SnCl,, 
GeBr,, WO,7, SO,7, PO, ClO.-, 10,-. 

SF, SeF ¢, TeF¢. 

N:0, COS, CICN, HCN. 

CoO., CS: O=C=C=C 

CD, H—-C=C-C= 
—D. 


b-CsD.H:, 


=O, HC=CH, DC 
C-—H, D—C=C-—C 








rotation through 180°. The number which stands 
before the symbol of the class indicates the 
number of elements in that class. For Cs, there 
are two nonequivalent, vertical reflection planes, 
oy and o,’, which must be considered as separate 
classes since the two reflections affect a different 
number of nuclei. For De, C27, C2” and C2? repre- 
sent rotations of trad about the X, Y and Z 
axes, respectively. C,’ represents a rotation of 
24/n rad about a symmetry axis other than the 
principal symmetry axis (Z axis). 

The vibration types are listed at the left: 
types A and B are nondegenerate and types E 
and T are doubly and triply degenerate, re- 
spectively. Types A and B are symmetrical 
(character = +1) and antisymmetrical (character 
= —1), respectively, to rotation through +27/n 
rad about the Z axis. Types that are symmetrical 
or antisymmetrical to o, are designated by ’ or”, 
respectively, except in the case of Dj, where 
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unbarred and barred symbols are used. Vibra- 
tions that are symmetrical or antisymmetrical 
to a center of inversion are designated by the 
subscripts g and u. The subscripts 1 and 2 indicate 
that the vibration is symmetrical or antisym- 
metrical with respect to some of the other classes 
of the group not mentioned above. 

The characters for all groups are not given 
explicitly in Table V; some must be obtained by 
forming the direct product of the characters of 
two groups whose characters are given. For 
example, the characters for D3a are obtained by 
forming the direct product of D3 and C;. Thus 
Dsa=D3;XC;=D;XJ. To obtain the direct 
product, one proceeds as follows: To obtain the 
classes of D3a, one multiplies each class of D; 
by each class of C;, obtaining E, 2C;, 3C,’, J, 
2C3I (or 2S¢), 3C2’I (or 30a). Each vibration of 
D; now yields two classes with subscripts g and u; 
the vibration types of Dsga are thus Ai, Ai, 
Avo, Agu, E, and E,, as shown in Table VI. The 
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characters of the type A1,, A2, and E, vibrations 
of D3a are obtained by multiplying the characters 
of the Ai, Az and E types of Ds; successively by 
the A, characters of C;. Similarly, the characters 
of the Ai, Ao, and E, vibration types of Dga 
are obtained by multiplying the A;, Az and -E 
types of D; successively by the A, characters of 
C;. The characters so obtained are listed in the 
lower part of Table VI. One could obtain the 
characters for C3,=C3;XC,=C3 Xo, in a similar 
manner. 

To find the group associated with a molecule 
one determines all the classes of proper and 
improper rotations that constitute the covering 
operations of the molecule. These classes are then 
compared with the classes given for the various 
groups in Table V in order to find the group 
having these classes. As an aid to classification, 


a list of molecules of various symmetries is given 
in Table VII." 


~ Cf. E. B. Wilson, Jr., J. Chem. Phys. 2, 432 (1934). 


A Vector Treatment of Ionic Motion Through a Gas 
in Combined Electric and Magnetic Fields* 


F. T. RoGers, Jr.f 
The University of Houston, Houston, Texas 


I i this brief article we present an application 
of vector analysis to the drifting motion of 
an ion in a gas under the combined influences of 
uniform electric and magnetic fields, a topic 
that has been well discussed in Cartesian co- 
ordinates! and is physically well known. Though 
this treatment was developed in connection with 
other work, it has appeared to afford a relatively 
clear and convincing demonstration to junior- 
senior students of the occasional usefulness of 
vector methods. Such pedagogically valuable 
examples of vector analysis are, as far as our 
experience indicates, relatively in the 
literature. 


rare 


* Contribution No. 68 from The Division of Sciences of 
The University of Houston. 
: joy with The Lukas-Harold Corporation, Indianapo- 
is, Ind. 

1 See, for example, Sir J. J. Thomson and G. P. Thomson, 
Conduction of electricity through gases (Cambridge Univ. 
Press, ed. 3, 1928), vol. I, pp. 215-217. 7 


Following the standard approach to the prob- 
lem, we consider the motion to take place in a 
gas at a sufficiently high pressure that the ion 
“drifts” through the gas with a definite average 
(over several consecutive free paths) velocity v. 
Let the charge of the ion be e, and the mass m. 
Let the uniform electric and magnetic fields be 
F and H, respectively; e, F and H should, for 
simplicity, be expressed in the same system of 
units, say the cgs electromagnetic. Then the 
equation for the drift motion can be written: 


mdv/dt=eF +e(v XH) —v/k, (1) 
where 1/k is the constant of proportionality for 
the equivalent viscous-like retarding force ex- 
erted on the ion by the gas. Fixing attention on 
the behavior of the ion after a steady state of 


motion (dv/dt=0) has been attained, we see 
that Eq. (1) reduces to 


v=ke(F+vXH), (2) 
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which is in effect the integral of Eq. (1) for 
t>0. The quantity ke, being the ratio of drift 
velocity to the field strength, is just the mobility 
of the ion. 


To solve Eq. (2) explicitly for v, which is the 
problem of present interest, first multiply both 
members of Eq. (2) vectorially by H; thus, 

vXH=ke(F XH)+ke(v XH) XH. 
Since for any three vectors A, B and C, 
AxX(BXC)=B(C-A)—C(A-B), 
this becomes 
vXH=ke(F XH)+e(H -v)H—ke(H-H)v. 
Replacing vXH by (v/ke) —F from Eq. (2), and 
collecting terms, we get 
v(1+ke?H?) = keF + k*e?(F XH) +’e?(H-v)H. (3) 


Now take the scalar product of H with Eq. 
(2) and, noting that (AXB)-B=0, substitute 
ke(F-H) for (H-v) in Eq. (3); thus an explicit 
solution for v is obtained, 


v=[keF + ke?(F XH) + #e3(F-H)H]/ 
(1+keH?), (4) 


and this is the desired solution of the problem. 









Gustav BERGMANN 
Department of Philosophy, State University of Iowa, Iowa City, Iowa 





I, LOGIC, EPISTEMOLOGY AND THE 
PHILOSOPHY OF SCIENCE 


HIS is not a technical paper in philosophy. 

It merely tries to provide, from the stand- 

point of scientific empiricism, or logical positivism, 
a survey of that interrelated cluster of clarifi- 
cations which is now usually referred to as the 
philosophy of physical science.! Thus it is compa- 
rable in character to an earlier paper in this 
journal which undertook a similarly informal ex- 
position of the problems that arise in connection 


1 Concerning application to psychology and the behavior 
sciences in general see G. Bergmann and K. W. Spence, 


Psychol. Rev. 48, 1 (1941) and the following two articles 
which will appear in Psychol. Rev. 51 (1944): K. W. Spence, 
“The nature of theory construction in contemporary 
psychology;” G. Bergmann and K. W. Spence, ‘The logic 
of psychophysical measurement.” 





Outline of an Empiricist Philosophy of Physics 


GUSTAV BERGMANN 


The interpretation of Eq. (4) is made in the 
usual straightforward way. For example, when 
keH is small, the ion drifts mainly along the 
direction of F with a speed of keF/(1+ke?H?), 
but there is a component of velocity perpen- 
dicular to both F and H and of magnitude 
ke? FH sin (F, H)/(1+e?H?"); finally, there is a 
component of velocity k’e*FH? cos (F, H)/ 
(1+e?H*) parallel to the direction of H. These 
are, of course, the well-known solutions of this 
problem.! 

In presenting the present vectorial discussion 
to students, we have found that it not only 
brings to their attention the occasional useful- 
ness of vector analysis in other than the usual 
applications, but also emphasizes the importance 
in that analysis of the technics of vector manipu- 
lation. The solution for a quantity involved in 
vector or scalar products (as for v in this dis- 
cussion), requiring a certain amount of such 
manipulation, may be a somewhat baffling 
procedure when first encountered by a student; 
and a specific example such as we have worked 
out may teach more than an abstract discussion, 
however elegant, of the necessary technics. 





with the concept of probability.? Since this latter 
article has been mentioned by Kemble and 
Margenau, it might not be inappropriate to add 
that I shall, at least in part, go over the ground 
covered in these and Margenau’s earlier publica- 
tions.* I shall, however, omit specific references 
since my intention is not polemical and little 
claim is laid to originality except, possibly, that 
modicum which is implied in any attempt to fit 


earlier and often specialized contributions to the 


latest stage of a philosophy which shows as 


vigorous a development as contemporary em- 
piricism. 


2 Am. J. Phys. 9, 263 (1941). 

3E. Kemble, Am. J. Phys. 10, 6 (1942); H. Margenau, 
Am. J. Phys. 10, 224 (1942); Rev. Mod. Phys. 13, 176 
(1941); Phil. Sci. 2, 48 (1935); Phil. Sci. 2, 164, (1935). 
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AN EMPIRICIST PHILOSOPHY OF PHYSICS 


It is paradoxical indeed that a philosopher who 
presents to a scientific public his views on such a 
topic as probability, finds the philosophical 
scientist willing to furnish the epistemological or, 
if you please, metaphysical foundations upon 
which any such analysis ultimately rests, but 
which the philosopher himself thought wise to 
pass in silence. Some light should be shed, by way 
of introduction, upon this truly perplexing intel- 
lectual situation. But even here, I think, the 
easiest approach leads through the consideration 
of an instance that lies relatively near to the 
everyday interests of the physicist, rather than 
through a systematic discussion of the task of 
epistemology and its relation to science. As such 
an example I shall choose the problem of time 
and space; it will be well, though, to bear in mind 
that what immediately follows is not a popular 
exposition of the topic with which it deals. 
Generally speaking, this whole first section is 
more condensed and more “‘philosophical,”’ in the 
sense which, to put it mildly, does not particularly 
interest scientists, than any of the following ones. 
But it seems that at least a brief statement of 
this sort is called for. 

Many of us still remember the imprint, com- 
parable to that of a heel on an ant hill, which the 
relativistic analysis left upon the philosophy of 
time and space. All that could survive, so it 
seemed at the moment, was a careful operational 
analysis, on the one hand, and an axiomatization, 
on the other, of the clock and yardstick basis. 
This was, roughly speaking, also the thesis of 
modern empiricism in its physicalistic phase. 
Much indeed has been stamped out by that heel 
never to return again into the forefront of the 
intellectual process, including the very stronghold 
of the Kantian form of intuitionism (rationalism) ; 
philosophers who, without changing their basic 
frame of reference, insisted upon a dialectical 
distinction between philosophical time and space 
on the one hand, and physical or metric space- 
time on the other, did a poor service to their 
cause. But there is a kernel of truth in all their 
defensive arguments; there are some things that 
go beyond the clock-yardstick analysis. This 
latter type of analysis in its more sophisticated 
form, which includes the distinction between 
pure and applied geometry, is representative of 
the philosophy of science; what goes beyond it is 
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epistemology proper. That there is an episte- 
mology in this technical sense is fully realized by 
empiricism in its present, redintegrative phase; 
but it is also realized that this core cannot be 
made explicit by regression to any of the tradi- 
tional philosophical positions. I shall turn 
presently to the difficulties which this situation 
implies. Let me first try to make my point more 
concrete by at least a fleeting glimpse at the 
philosophy, in this stricter sense, of time and 
space. 

Clocks and yardsticks are material objects, 
things in the common-sense meaning of the term, 
and it is indeed of the highest significance that 
the whole structure of science, including its space 
and time frame, rests, in a manner still to be 
discussed, upon some very few immediately ob- 
servable properties of and relations among ma- 
terial things. Local simultaneity—spatio-tem- 
poral coincidence—is, as we all know, one of these 
basic or undefined relations. But are not, so the 
traditionalist would argue, simultaneity or co- 
incidence themselves spatio-temporal concepts, 
so that in a final manner nothing has really been 
said about the ‘‘nature”’ of time and space? Do 
we not, by calling them undefined, dogmatically 
preclude inquiry into the manner in which they 
are given and what their givenness presupposes 
and implies? One answer to this objection is 
simple enough; it insists that the ‘given’ or ‘im- 
mediately observed’ is investigated by the ex- 
perimental science of psychology, not through the 
introspections and rationalizations of the man in 
the armchair. This answer is most pertinent as 
well as very necessary, since one of the most im- 
portant steps which must be taken in the con- 
struction of an empiricist theory of knowledge 
consists in the disentanglement of its historical 
connection with psychology. Yet such an answer 
is not final in a philosophical sense, for either it 
leads to circularity or else psychology—which, as 
a science, must itself start from the given or 
immediately observable—is in turn left without 
a foundation. The pragmatist’s phrase about 
inquiry as an ongoing concern, offers a fortunate 
label rather than an analysis of this bedeviling 
situation. At this point, I trust, physicists feel 
strongly that the evasion of such predicaments 
may be left to the epistemologist, since they 
cannot possibly be relevant to those still very 
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general, though in a sense less fundamental, 
clarifications which we call the methodology, or 
philosophy, of science. This is exactly the point 
I am trying to make, so I shall leave the issue 
there and turn from these negative remarks to the 
positive case for a philosophy of time and space. 

No matter how we technically escape mistaking 
armchair psychology for epistemology, there 
must be a level—we now call it that of verifica- 
tion or the verification basiss—on which we 
cannot learn verbally but only, as the classical 
phrase has it, by experience. This is the sense in 
which a person who was born blind cannot 
understand the meaning of ‘“‘this is green’’ or 
“that is bright.’’ The point is that not only 
qualities of, but also some relations among par- 
ticulars, such as ‘‘this is earlier than that” or 
“this is between that and that,” are basic or 
undefined in the same sense. Therefore, no matter 
in how sophisticated or Pickwickian a fashion one 
conceives of the reality of the external world, 
time and space or, rather, the spatio-temporal 
relations, are as real as the things or events 
among which they obtain. Let us, with this in 
mind, remember the emphasis with which it was 
said, in the empiricist camp, that time and space 
are merely a system of coordinates, entirely arbi- 
trary and external to what they describe. As a 
reaction against Newton’s conceptions such em- 
phasis is sound enough, but when it becomes 
exclusive it contains at least the danger of what 
philosophers would call an extreme nominalism. 
For only the rules by which numbers are assigned 
to the events during the metrical elaboration of 
the clock-yardstick basis are arbitrary and ex- 
ternal to the events. Thus the following is 
plausible: irrespective of whether ‘perceptual 
data’”’ or the more complex level of common-sense 
material things is chosen as the verification basis, 
and irrespective of the fact that logical analysis is 
able to penetrate, in a manner I can here not 
specify, to a level which is even more elementary 
than any imaginable verification basis, it seems 


‘Within the trichotomy, syntax, semantics, and prag- 
matics, which are so characteristic of the positivistic 
epistemology, verification falls into the domain of prag- 
matics, that is, it can be dealt with either axiomatically 
(pure pragmatics) or scientifically (applied pragmatics), 
but not ‘‘metaphysically.” The distinction between seman- 
tical truth and verification also takes care of one of the 
roots of the realism issue. See also Carnap’s Introduction 
to semantics (Harvard Univ. Press, 1942). 


that any account of the world in which we live 
must, on its ground floor, contain an undefined 
relational nucleus of both time and space. 

I am well aware how strange all this must 
sound to the physicist, and would even if it were 
not as condensed as it necessarily is.> I certainly 
have not proved my point, and it is even a very 
difficult problem to decide what could possibly be 
meant by proof on this level of analysis. But my 
purpose was, after all, merely to present a sample 
of epistemological subject matter and, if possible, 
an idea of the special technics, hardly comparable 
to traditional philosophies or any of their well- 
meant “‘scientific’”’ dilutions, with which empiri- 
cists try to approach it. Concerning these 
technics, or at least concerning the most potent 
and, in many ways, most bewildering and for- 
bidding of them, another brief statement is in 
order. I refer, of course, to the so-called formalis- 
tic or linguistic turn which the empiricist episte- 
mology has recently taken. 

Some people, it seems, honestly believe that all 
that logical positivists are interested in is formal 
logic, words and languages. I, for one, am willing 
to concede that some statements which were 
either incautious or simply makeshifts during a 
rapid development, are at least partly responsible 
for so patent a misunderstanding. Furthermore, 
it is true that the purely formal study of symbolic 
structures occupies an ever more important part 
in the technical writings of the empiricists.° 
Historically speaking this trend originated in 
fields that are very relevant to the physical 
sciences, namely, in the foundations of mathe- 
matics and in geometrical axiomatics. One of the 
results of this study which is better known in our 
semantics-conscious age is the realization of how 
imperfect and inconsistent as tools are colloquial 
English and, in many instances, even the termi- 
nology of science. But this is still not the whole 
story. For it is rather obvious that one speaks 
about facts and not just about language if one points 
out features that would be common to every strici 
and consistent calculus capable of describing our 

5It would be particularly desirable to clarify the ex- 
pression ‘undefined.’ In axiomatics, terms which occupy 
a somewhat similar position are often referred to as ‘im- 
plicitly defined.’ However, any further discussion would 
require too much of an epistemological and logical ap- 
paratus. See also G. Bergmann, Phil. Sci. 9, 283 (1942). 


6 The classic in this field is the Principia mathematica, 
by Russell and Whitehead (3 vols., 1910, 1912, 1913). 
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experiences. Why then, so runs the next objec- 
tion, go about one’s main business, the de- 
scription of those facts, in such a devious and 
complicated manner that it is almost bound to 
create misunderstanding? The direction at least 
of the answer to this objection can easily be 
indicated. It is this very formalistic technic that 
enables the modern empiricist to avoid the 
snares of the traditional metaphysical issues such 
as the realism problem and the psychological 
predicament which have been mentioned. If 
epistemological analysis has thus become a highly 
specialized enterprise, then it is rather fortu- 
nate that one of its main results can be stated 
in the following manner. Even for an exhaus- 
tive treatment of the topics of the philosophy 
of science, such as operationism, the nature of 
scientific explanation, of laws and theories in- 
cluding the status of atomic conceptions, rela- 
tivity and quantum axiomatics, causality, prob- 
ability, statistics, and so forth, it is not neces- 
sary to delve into epistemology proper or, what 
amounts to the same thing, to penetrate be- 
neath the verification basis of common sense. 
To put it differently, in an empiricist philosophy 
of science there is neither need nor room for a 
discussion of, perception’ or the nature of the 
given or the reality of the external world. Still 
differently, statements such as “‘this is a material 
thing (physical object, external body)” or ‘‘this 
is a real lake, not a mirage’’ refer to states of 
affairs in terms of which all scientific statements 
can be analyzed, while the meaning and the 
modes of verification of these statements them- 
selves do not stand in need of any further clarifi- 
cation for the purposes of the philosophy of 
science. But even one who accepts this thesis for 
the sake of discussion might still ask for a “‘defi- 
nition”’ of this level of verification. As an intuitive 
characterization of it, Carnap’s expressions, 
‘thing level’ and, correspondingly, ‘thing lan- 
guage,’ seem to me rather well chosen, but a 
definition in any stricter sense cannot, of course, 
be given. All one could do is to draw up lists of 
basic words—names of ‘‘immediately observable’ 
properties and relations—in terms of which the 

7 Except of course insofar as the scientific concept of 
perception, which belongs to psychology, must be oper- 
ationally defined and freed from its pseudoepistemological 


connotations. See also footnote 1 and G. Bergmann, Phil. 
Sci. 9, 72 (1942). 
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“‘construction”’ of science can be achieved; it is 
rather interesting, though, that, as a matter of 
fact, such a list could be amazingly short. It will 
also be noticed that in the last sentences I have 
spoken about words. This has been done mainly 
for the purpose of illustration; in the main part 
of this paper I hope to express myself in a less 
involved manner and, after the danger of meta- 
physical blind alleys has once been pointed out, 
speak about facts. 

Let us, in summarizing this introduction, see 
what light it throws on what has been called a 
truly perplexing intellectual situation, namely, 
that the empiricist philosopher seems sometimes 
less philosophical than scientists who are sensi- 
tive to epistemological issues. Three factors which 
together might be able to account for this 
paradox have indeed emerged. There is, first, the 
technical difficulty and relative abstruseness of 
the empiricist epistemology. Second, reasons have 
been given why empiricists frequently do not 
discuss epistemology proper in their writings on 
the philosophy of science. Third, there are certain 
false impressions or distorted emphases which 
linger on from earlier phases of the empiricist 
thought movement. One such phase which I, for 
one, would like to consider closed, is that of 
physicalism. Physicalism dogmatically asserts 
that nothing can be said or need be said which 
cannot be said in terms of the thing level. Since 
this is true for science, this overemphasis, though 
wrong, can at least be understood as a conse- 
quence of the now classical successes of the 
empiricist philosophy of science—relativity axio- 
matics, operationism, probability, behaviorism in 
psychology. Another phase now closed is the 
syntactical. The main formal achievements of 
this period were in the field of pure logic rather 
than in the field of language applicdtion; thus, 
the impression of an empty formalism could 
arise. Such misunderstandings, however, or so at 
least it seems to me, are due to the technical 
character of the subject matter rather than to an 
occasional overemphasis on the part of the 
investigators. 


II. EMPIRICAL CONSTRUCTS 


The discussion of scientific method falls into 
three main parts dealing with concept formation, 
the nature of empirical laws, and theory struc- 
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ture, respectively. The division, however, is not a 
hard and fast one; it will soon appear that the 
subject matter under the first heading, for in- 
stance, cannot be treated without many refer- 
ences to the second. The following two remarks 
should serve as orienting sign posts for the ma- 
terial of this section. First, the study of concept 
formation is the proper and, as will soon be seen, 
the main concern of that kind of analysis which 
is also referred to as operational, or operationism. 
The section is thus a restatement of the essence 
of the first two chapters of Bridgman’s classical 
Logic of Modern Physics. I shall therefore be very 
brief on many noncontroversial points and make 
it my main task to circumscribe the scope of 
operationism as precisely as possible. This is not 
done with any critical or restrictive intent but 
rather in order to forestall that kind of criticism 
which is apt to follow too literal as well as too 
sweeping interpretations. Second, within the 
operational analysis the term ‘concept’ is under- 
stood in that narrower sense which is synonymous 
with ‘empirical construct ;’ in other words, ‘‘theo- 
retical’”’ entities such as electrons, atoms or the 
ether are not considered at this stage of the 
discussion, while the operational analysis does 
claim to apply to all scientific concepts that do 
not contain the theoretical entities just men- 
tioned. This, however, is in a certain sense not an 
exclusive classification. What makes the differ- 
ence depends in many cases on how a concept is 
construed. Take for instance, gas pressure and 
the Loschmidt number. If the latter is considered 
as explicitly defined through the measured vari- 
ables which serve for its actual computation, then 
it is as empirical as pressure—though, as we shall 
say, a more abstract construct. Within the 
kinetic theory, on the other hand, both are 
defined in terms that exclude them from direct 
location within the hierarchy of empirical con- 
structs. To these matters we shall return in the 
section on theory. 

Let us start from the familiar first-approxima- 
tion definition of length in terms of rules for the 
manipulation of yardsticks.* Such rules are now 
referred to as the operational definition of the 
concept in question, and then one usually goes on 
to say that such a set of defining operations is the 


8 Concerning the logic of measurement see the selective 
bibliography given in the last reference of footnote 1. 
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meaning of the concept. If meant to be exhaustive, 
such use of ‘meaning’ is undoubtedly very re- 
strictive, as can easily be seen if one considers 
what he would then have to accept as the whole 
meaning of the Loschmidt number. To this point 
I shall attend later. Here it will merely be pointed 
out that formulations like those just given lay 
themselves open to all kinds of superficial mis- 
understanding simply because they do not clearly 
distinguish the symbols from their referents. This 
must at least be pointed out. But it will be found 
that in order to avoid verbosity the customary 
ambiguous usage has been followed at many 
places in this paper. Briefly and figuratively 
speaking, the operational definition of ‘length’ 
stands in the same relation to length as the recipe 
for a pie to the pie itself. For definitions are really 
a purely verbal affair, a technic for the intro- 
duction of new terms, which are in principle 
dispensable and serve merely as abbreviations for 
unwieldy, frequently recurring expressions. As is 
well known, definitions are therefore neither true 
nor false and cannot be criticized on any formal 
grounds as long as they fulfill certain logical re- 
quirements which, by the way, are in some cases 
not quite as obvious as, for instance, the rule that 
one must avoid circularity in explicit definitions. 
Psychologically and pragmatically, we could not 
handle our language effectively without intro- 
ducing appropriate definitions. This, however, is 
entirely irrelevant for our purposes since the 
philosophy of science is neither its history and 
sociology nor the psychology of the scientist. Empiri- 
cists understand by philosophy or methodology 
of science only its logical analysis, not the socio- 
psychological analysis of the processes of dis- 
covery, which is in principle itself a natural sci- 
ence. This distinction can hardly be overempha- 
sized, particularly in view of the fact that failure 
to grasp its entirely nonevaluational character 
has been responsible for much adverse criticism 
of the allegedly onesided, static and reductive 
nature of the positivistic analysis. Cabbages 
ought not to be blamed for not being carrots. We 
should, of course, have a balanced diet, but then 
it seems to me that the empiricist methodology, 
with its systematic and epistemological emphasis, 
is rather making up for a deficiency caused by the 
traditional confusion between psychology and 
the theory of knowledge. These remarks apply 
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not only to “‘operational”’ definitions but also, as 
we shall see, to their nonlinguistic counterparts. 
The requirements, in particular, which an opera- 
tionally defined concept must fulfill in order to be 
a useful scientific concept cannot be specified in 
any @ priori or prescriptive manner. All one can 
do is to point out which conditions (empirical 
laws) are fulfilled and which must be fulfilled in 
order to make certain concepts pragmatically 
successful. To introduce here a familiar illustra- 
tion: Even in a rubber world, as one might call 
the topological universe which is used to explain 
the axiomatics of rigid bodies, one could still 
define length by means of a distinguished object. 
Psychologically, though, the thought is not likely 
to occur to a rubber-world physicist nor would 
his definition, in case it did occur to him, be likely 
to prove a useful one. But all this is really antici- 
pating the discussion of the relation between laws 
and concepts. Let us first see what can be said 
about the empirical constructs themselves and, 
first of all, what can be said about them in a 
purely formal manner. In other words, what can 
we say about the recipe, not about the pie itself 
or its nutritional value? 

In speaking of definitions one usually thinks of 
their simplest type: so-called explicit definition as 
it occurs, for instance, in pure geometry, in the 
definition of the volume of a rectangular prism as 
the product of its three extensions. So-called 
operational definitions are not that simple. Even 
in the elementary case of length the definitional 
sentence has the following relatively complex 
structure: ‘‘Rod A has the length x if and only if 
(---A-++-x---.)”” The blank is to be filled with a 
description of the yardstick procedure which is 
itself an if-then clause. The letters ‘A’ and ‘x’ have 
been inserted into the blank in order to indicate 
that the omitted clause makes reference to the 
object A and to the count of the successive 
layings-off of the standard.® The operational defi- 
nition of the volume of a prismatic object (ap- 
plied or physical geometry!) contains a compound 

* In case x is not an integer the definition undergoes con- 
siderable complication, since counting is the only primary 
way in which numbers enter into empirical statements. All 
further use of them in (extensional) measurement is a 
definitional structure which rests upon this basis. But 
numbers can also be used as names of intensity levels or as 
proper names (coordinates). In point of fact, all working 
coordinate systems are based on rules and there the 


numbers assigned are, in the last analysis, always — 
mined by counting. 
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of three definitions of length and, in addition, the 
prescription to carry out the computation which 
we have already encountered, in the form of an 
explicit definition, in pure geometry. So one sees 
that an operational definition is the verbal ac- 
count not only of certain manipulations, but also 
of computations. As a rule the amount of compu- 
tation involved has something to do with what 
we shall presently call the degree of abstractness 
of the construct. Furthermore, operational defi- 
nitions, as can be seen even from this sketch, do 
have a rather complicated logical form. The most 
elaborate study of their linguistic structure, which 
proved to be very enlightening, not only in a 
formal sense, has been undertaken by Carnap in 
his essay on ‘“Testability and Meaning.’’° 

It could, of course, be said that in the defini- 
tional schema just outlined the word ‘prism’ or 
‘orthogonal prism’ stands itself in need of defini- 
tion or, to practice our philosophical vocabulary, 
is not simple enough to be included in the verifi- 
cation basis. This we would readily concede and 
continue the reduction until a basis we have 
agreed upon is reached. But we understand 
already how operational definitions come by 
their name. In a way, though, the qualification 
‘“‘operational” is a mere matter of emphasis. 
Operational definitions are, linguistically con- 
sidered, just definitions or, rather, chains of 
definitions of a complex form, interspersed with 
explicit definitions and rules for computations. 
Typically they contain if-then clauses where the 
antecedent phrase after the ‘if’ describes manipu- 
lations and the consequent phrase after the ‘then’ 
records observations such as pointer readings or 
the result of a counting procedure. The decisive 
points are these. First, since such definitional 
chains can be provided for all empirical con- 
structs, operational reduction amounts to a pro- 
cedure of successive elimination of all terms not 
belonging to that very restricted vocabulary 
which we have called a sufficient verification 
basis on the thing level. This is the perfectly good 
sense in which science can be said to deal with 
common-sense objects and with common-sense 
objects only. Both the significance and the truth 
of such a formulation of the operationalistic thesis 
are too well recognized to require any further 
comment. I shall therefore rather point out how 


10 Phil. Sci. 3, 420 (1936); 4, 1 (1937). 
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essential it is that the verification basis contain 
relation words, for instance ‘moving,’ since the 
description of manipulations is really a descrip- 
tion of relational events on the thing level; the 
agency of the experimenter, though pragmatically of 
the greatest importance, is systematically quite inci- 
dental. Second, the definition of an empirical 
construct—for instance, ‘electric field’—always 
provides the instructions, in terms of the thing 
level, for testing, that is, for determining the 
truth or falsehood of statements in which the 
construct occurs, for example, “‘there is an 
electric field in the neighborhood of object B.’™" 
In this sense, and only in this sense, it can be said 
that the operational definition of a construct is 
its meaning. This, however, is only one of the 
two main meanings in which the term ‘meaning’ 
is used by scientists. 

Attention should here be called to two points 
where I have tried to forestall oversimplification. 
Sometimes it is said, and significantly enough 
just by such rationalistic writers as Eddington, 
that operationism reduces physics to pointer 
readings. Point-pointer coincidence is itself re- 
lational, and even this basis is therefore not quite 
as primitive as it is sometimes made to appear; 
but, in spite of that, this formulation has for mea 
rather invidious overreductionistic flavor. Less 
abstractly speaking, the physicist must also be 
able to recognize the apparatus whose pointer 
positions he reads and, furthermore, to identify 
the experimental set-up. There is no evident 
reason why the construction of the vocabulary 
which is required for this account could not be 
achieved from a basis as narrow as that of a 
space-time axiomatics based on coincidence. On 
the other hand, there is little doubt that relation- 
ships different from the point-pointer coincidence 
would have to be shown to be reducible to this 
nucleus in order to substantiate its claim as a 
sufficient verification basis. Taken as it stands, 
the pointer-reading formula is therefore some- 
what misleading. Furthermore, the definitions of 
empirical constructs do contain calculational or, 


11 Carnap’s finer distinctions among testability, confirm- 
ability and verifiability are here neglected. Generally speak- 
ing, the inductive or hypothetical character of all scientific 
knowledge is simply taken for granted throughout this 
paper. In what sense this can be said to apply to the veri- 
fication basis is again a question for technical epistemology. 


Concerning this problem see the reference given in foot- 
note 5. 


as one vaguely says, theoretical elements. Theory 
in any specific sense of the term can therefore not 
be identified with symbolic elaboration and still 
less be set in opposition to an operationism thus 
narrowly conceived. That operational analysis is 
not the complete story of science has been said 
before and is implicit in the whole organization 
of the present outline. Confusions of this sort, 
however, have played a major réle so far only in 
the discussion which has been provoked by the 
impact of the operational thesis on psychology 
and the social sciences. 

When one considers the stepwise way in which 
the operational analysis reduces concepts, it is 
not hard to understand what is meant by saying 
that it arranges the empirical constructs in some 
sort of a hierarchy which rests upon the verifica- 
tion basis. In this hierarchy the direction from 
the verification basis upward might be visualized 
vertically and spoken of as one of degree of 
abstractness. One must realize, though, that such 
language expresses broad structural insights 
rather than precise and quantifiable notions. At 
any rate, the term ‘abstract’ seems preferable to 
‘theoretical.’ The former goes well with the idea 
of degree, and this agrees with the fact that no 
methodological reason can be given for any 
“‘horizontal cut’”’ within the empirical hierarchy, 
so that the terms above such an arbitrary line 
would be theoretical in a sense in which those 
below it are not. There is an opportunity here for 
a remark which, though on the science level, is 
epistemological in nature. We leave it to the 
epistemologist to decide with what safeguards, 
Pickwickian or sophisticated, he wants to sur- 
round the common-sense truth that physical 
things—chairs, tables and laboratory equipment 
—are real. The point is this: If the hierarchy of 
the empirical constructs is the unitary and gapless 
structure that it appears to be in the operational 
analysis, then constructs such as forces, fields and 


‘ energies are as real as tables and chairs. For how 


indeed can one, within the hierarchy, draw the 
line where reality ceases and where fiction or, in a 
vicious sense of the term, “‘construction’”’ begins. 
To put it briefly, for science as well as for common 
sense, the referents of empirical constructs are as 
real as material things. 

One of the first difficulties every attempt to 
visualize the hierarchy is likely to encounter is 
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this: One and the same concept can often be 
defined in several different ways. In the case of 
‘electric current,’ for instance, there are as many 
different operational definitions as there are 
methods of measuring current. Sometimes one 
will find that two such definitions do not even lie 
on approximately the same level of the hierarchy, 
whatever that might mean, since this very fact 
makes it again doubtful how much significance 
there is in this idea of an orderly hierarchy. At 
this point the empirical laws which obtain be- 
tween the referents of the empirical constructs 
enter the picture. Systematically, ‘current as 
measured by the deviation of a magnetic needle,’ 
‘current as measured by “‘its’’ thermic effects,’ 
and ‘current as measured by sedimentation out of 
an electrolytic solution’ are indeed three different 
constructs.” We ‘‘identify”’ them, use the same 
term, ‘electric current,’ and speak about its al- 
ternative ‘‘effects’’ for the sole reason that these 
effects are, as a matter of empirical law, con- 
comitant and found to be in a constant quanti- 
tative relation. A goodly portion of the empirical 
laws of physics are of this cross-wise identification 
type. So one can still, in an illustrative manner, 
speak about levels within the hierarchy. 

Whether the following remarks concerning 
empirical constructs should still be made in this 
section or rather under the next heading of 
empirical laws is largely a matter of the con- 
venience of presentation. It is merely for such 
external reasons that the second of these alter- 
natives has here been chosen. 


Ill, EMPIRICAL LAWS 


Let us return to the physicist of the imaginary 
rubber universe who insists on defining length by 
means of an arbitrarily selected yardstick, but 
otherwise in the same way in which we do it. 
Several alternatives are possible. His topological 
universe might oscillate at such a rate that the 
measuring procedure cannot be repeated with the 
same result at all. Again, the elastic trend of his 
world might be slow relative to the time required 
for the manipulations involved. In the latter case, 
at least a restricted check, as we usually say, of 

2 This is the point Bridgman makes in distinguishing 
yardstick length and surveyor’s length on the one hand and 
the length of astronomy and that of atomic physics on the 
other, The empirical laws which mediate between the first 


two of these definitions are of course the various theorems 
of (applied) geometry. : 


length measurements would be possible. But it is 
well to realize, first, that one would have to pro- 
vide length with a time index, and, second, and 
even more important, that our very ideas of test 
and experiment break down to the extent that 
such a world is genuinely “historical.” Yet such a 
strange length is not only correctly defined, it 
could also fulfill the pragmatic criterion of use- 
fulness. To see that, one merely has to suppose 
that our physicist were able to plot, to extrapolate 
successfully and to intercorrelate in a “theory” 
the variable length ratios of his universe. This is 
not only conceivable, but almost within the reach 
of our imagination. What are the implications of 
this illustration? 

The following are no doubt two very basic 
factual features of the world in which we live. 
First, we can successfully apply to it empirical 
constructs that, under specifiable conditions, 
remain constant in time, which means that they 
fulfill empirical laws of a very special form. There 
comes to mind, on the prescientific thing level, the 
relative spatio-temporal constancy of solid bodies 
which pragmatically and psychologically molds 
and restrains our anticipations. Second, with re- 
spect to constructs that do not show such 
constancy, we have been extremely successful in 
connecting them with temporal invariants by 
empirical laws into which, as one usually says, 
time as such does not enter. All these comments 
are also part of the groundwork for the remarks 
on causality which will be found at the end of 
this section. For the time being their purpose is 
merely to help us differentiate between temporal 
constancy, which amounts always to a law about 
constructs, on the one hand, and, on the other, to 
that definiteness or specificity which their opera- 
tional definitions supposedly must posséss. What- 
ever such definiteness or specificity might mean, 
the illustration shows that it has not necessarily 
anything to do with temporal constancy. The 
reason why that is not always readily seen is this: 
No definition is specific in the sense that it either 
controls all the possibly relevant variables or 
that it completely specifies the manipulations 
themselves.!* The operational definition of length, 
for instance, does not mention the color of the 

13 That this is so reflects another, still more basic, feature 
of our experience. Our perceptual universe is spatially con- 


tinuous, it does not tick in time, colors shade into each 
other, and so forth. 
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yardstick and neither prescribes nor forbids its 
being twirled around between successive layings- 
off. We never think of all the unmentioned possi- 
bilities as long as we actually reach our aim, 
namely, the discovery of empirical laws of the 
type we have come to expect. Conversely, when 
we define a new construct and then discover that 
it is neither itself temporally constant nor tied to 
such invariants in a lawful manner, we feel ‘‘that 
we have not defined or measured anything’’ and 
proceed to modify our definitions until we arrive 
at constructs which fulfill our expectations of 
lawfulness. As a matter of fact, but as a matter of 
fact only, this procedure has been extremely 
successful. Our imaginary example shows that 
science is possible even in a world which in this 
respect is radically different from ours. It is 
therefore rather confusing to bring some unpre- 
cise ideas of constancy into the discussion of 
operational definitions. Constancy, in any mean- 
ingful sense, is either temporal constancy and 
then it is really a matter of laws, or it refers to 
the recurrence of situations in which constructs 
are applicable. If the word ‘constancy’ must be 
used, the latter feature could be described as the 
temporal constancy of the verification basis.' 
Still another use of this weasel word connotes 
simply the existence of laws, no matter of what 
type, including those that would obtain in the 
lawfully pulsating rubber world. So, we see, 
there is no additional methodological require- 


14 This, too, is not necessarily so; but to break down, in 
a radical manner, this feature of our experience would 
probably affect the very structure of consciousness. Here 
one has reached the level that can be dealt with only by 
the formalistic technics of the empiricist epistemology 
which are, in this sense, the contemporary equivalent of the 
traditional categorial analysis. The tendency, in par- 
ticular, to deal with general features of the actually ob- 
taining Jawfulness in the analysis of concept formation is 
an unmistakable vestige of the transcendental deduction 
attempted by Kant and, as our discussion of constancy 
shows, doomed to failure. A specimen, on the science level, 
of what takes its place is the connotational analysis de- 
scribed in the passages on causality at the end of this 
section. 

The progress from the Aristotelian to the Galileo- 
Newtonian conception of science marks, among other 
things, the transition from a frame of reference which 
requires a law, in order to be philosophically acceptable, 
to exhibit constancy on or near the thing level, to a 
frame of reference which is satisfied with constancy in the 
sense that the laws do not contain time as such. Again our 
“historical” rubber world violates this frame of reference 
even more radically than does the abandonment of its 
deterministic and mechanistic features which has recently 
occurred. This remark, too, is relevant to the discussion of 
causality. 
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ment of constancy, specificity or definiteness 
which a correctly defined empirical construct 
must fulfill. What such expressions refer to is a 
pragmatic set of expectations, a frame of refer- 
ence, concerning the general character of laws 
about the constructs. 

Since all this is so abstract I shall elaborate it 
by a few very unsystematic remarks, not in order 
to add anything new, but merely to make more 
explicit what has already been said. Consider, for 
instance, the example of the electric current. 
Previously we have referred to the well-known 
facts of the case as an “‘identification”’ of different 
empirical constructs on the basis of laws. The 
same situation could also be accounted for by 
saying that after the discovery of the pertinent 
laws one changes one’s language, discards the old 
constructs and defines a new one by means of a 
broader class of alternative procedures. Again, 
we usually say that we modify a definition if we 
decide that the construct we want to define re- 
quires the control of an additional variable. In 
this case, too, one adds to the class of operations, 
though in a manner that is different from the case 
of the electric current. And there is still another 
type of modification which one might describe as 
a narrowing down of the class of operations; this 
modification has something to do with what has 
been called the unspecificity of any operational 
definition. I am thinking of the case where one 
decides that the yardstick should not be twirled 
around after all, or, less whimsically, that it 
should not be made of certain materials nor be 
put into certain solutions between successive 
layings-off. Such amplifications of the operational 
definition really narrow down the indefinite num- 
ber of possible ways in which any prescription, 
which is necessarily couched in general terms, can 
be carried out. And let it be said again, at the 
risk of being repetitious, that when I just spoke 
about the concepts one wants to define, this 
merely means that one is searching for a construct 
that lies in the approximate region of one’s 
previous attempts and that fulfills certain laws 
which one expects, either for theoretical or for 
intuitive reasons, to obtain in this area. For, no 
matter how important psychologically and prag- 
matically the definition of the ‘“‘right’’ concepts 
might be, systematically the scientist has, by 
defining them, merely laid out the tools for the 
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main phase of his work, which consists in the dis- 
covery of the empirical laws that obtain among 
these constructs. Since the actual usefulness of 
concepts in this sense depends at least in part 
upon the laws obtaining among the less abstract 
concepts which enter into their definition, it can 
be seen that empirical laws, too, fall into a 
hierarchy of abstractness which is, figuratively 
speaking, induced by the hierarchy of the con- 
_ structs. It is plausible, for instance, that density 
would probably not be a useful concept, if it were 
not for those laws which make for the approxi- 
mate constancy of volume and mass of solid 
bodies. These,’ however, are plausibility con- 
siderations which are, strictly speaking, neither 
here nor there. Let me therefore conclude this 
string of unsystematic comments by a brief 
examination of two other expressions that have 
just been used. If one considers the successive 
stages in the definitions and (or) measuring 
technics of, let us say, length or temperature, it 
is natural enough to speak about successive 
refinements and about approximation to the true 
length or the true temperature. It should be clear 
by now that some of the comprehensible conno- 
tations of such expressions belong to the history 
and psychology of science. Systematically, any 
modification of a definition is a new definition; if 
we call one a refinement of another, this is but an 
expression of satisfaction (usually for theoretical 
reasons) with the newly discovered laws. And it 
is only the empirical laws that tend, at least in 
the intervals not obtained by extrapolation, to 
converge in a crude and not quantifiable manner 
towards a curve which they may thus be said to 
approximate. 

It isnow possible to characterize very succinctly 
the second scientific meaning of ‘meaning’ which 
has already been mentioned when it was pointed 
out in what sense the operational definition of a 
construct can be said to be its meaning. Every 
worthwhile empirical construct occurs actually in 
several, and potentially in an indefinite number, 
of empirical laws which connect it with other 
constructs. In disciplines as highly quantified as 
physics these laws take the form of a set of equa- 
tions with one term occurring in all of them. It is 
not difficult to see that this set of laws in which 
the construct occurs has something to do with 
meaning. For one stays undoubtedly within the 
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limits of common usage if he says that a person 
who knows how to determine the mass, let us say, 
of a stone, still does not know what it means as 
long as he does not realize that mass is (in 
Newtonian mechanics) a constant in the well- 
known sense in which weight is not. And we have 
also seen that such an assertion of tonstancy is an 
empirical law, and no doubt a very significant 
one, in which the concept of mass occurs. Clearly, 
one is here dealing with a second meaning of 
‘meaning,’ and its relation to the common-sense 
notion of significance is similar to that of its first 
meaning to the idea of verification. If one wants 
to imitate the current formulation, according to 
which meaning; is the operational definition of 
the term, one might even say that meaning, is the 
set of the empirical laws in which the term 
occurs. There is finally a further scientific conno- 
tation of meaning. To become aware of it, one 
merely has to consider such a constant as the 
Loschmidt number, which reveals its full ‘‘mean- 
ing’’ only within the theoretical model. But we 
shall not spend any more time on the conno- 
tations of a term which, after all, does not belong 
to physical science itself. 

If this were a textbook of the philosophy of 
science, much would have to be said about the 
nature of empirical laws or, to use the traditional 
terms, about causality and induction. As far as 
induction is concerned, hardly anything needs to 
be said in a selective outline like this. The 
inductive character of all empirical knowledge is 
taken for granted, and it is also taken for granted 
that the so-called principle of induction is es- 
sentially a pragmatic rule of conduct.'* A similar 
omission is justified as to those questions con- 
cerning laws which traditional metaphysics tries 
to formulate under the heading of causality. To 
the scientist it is obvious that there is no point in 
ontological speculation about lawfulness, that is, 
in discussing laws irrespective of their being 
known and, in many cases, even irrespective of 
their being knowable. To the empiricist it is 
likewise obvious that nothing can be said in an 
a priori manner about the structure or form of 
the laws already known or still to be discovered. 
Again, it seems safe to trust the specialist with 
the dissolution of the traditional intuitionistic 


16 Compare parts of the ee ems in footnote 2 and 
H. Feigl, Phil. Sci. 1, 20 (1934). 






























































































































(rationalistic) and realistic (ontological) argu- 
ments according to the rules of the epistemological 
chess game. There are, however, certain very 
interesting problems that occupy, in the philos- 
ophy of science, the traditional place of causality 
and induction. To the problem of induction 
correspond the attempts to arrive at a measure, 
within the calculus of probabilities or at least in 
a similar manner, of the reliability of an inductive 
generalization. This is a very special line of re- 
search, and moreover, in the opinion of many 
analysts, of rather doubtful promise, so that 
nothing more needs to be said about it in this 
outline. What empiricism offers instead of the old 
causality metaphysics is of much greater general 
interest. The most complete presentation of this 
group of clarifications is due to Ph. Frank,!7 and 
the material is so comprehensive that I can but 
try to give an idea of its general character. 
Nontechnically speaking, a law is a statement of 
the form ‘‘Whenever A then B”’ and in a certain 
sense this is all that can be said about it on the 
formal level. Traditional causality metaphysics 
attempted to do two different things. First it 
tried to equate the degree of certainty, or 
whatever technical expression one prefers, of such 
statements to the infallibility characteristic of 
mathematical identities and of logical inference.'* 
But it also tried to determine, by intuition or 
transcendental deduction in the Kantian vein, 
structural features which the laws of nature must 
or must not exhibit. Such features are, for in- 
stance, those customarily referred to as action 
over distance, homogeneity with respect to time 
and space, ineffectiveness of time as such, no 
action over distance in time without mediating 
traces, and so on. Some of these principles would 
be violated in the world which has been given as 


17 Das Kausalgesetz und seine Grenzen (Vienna, 1932). 
A new English edition or even a translation of this work 
seems to me highly desirable. It contains, among many 
other interesting points, the most detailed empiricist 
analysis of the vitalism issue of which I know. 

18 This is indeed one of the traditional points which have 
been mentioned before as not relevant for our purpose. 
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an imaginary example at the beginning of this 
section. 

It is hardly necessary to emphasize that there 
is no room, within an empiricist philosophy of 
science, for a speculative ‘‘explanation”’ of such 
very general factual features of our world, but it 
is likewise clear that descriptively a connotational 
analysis of them proves very clarifying. The term 
‘connotational’ has been chosen because what one 
does is to separate from the formal idea of law the 
connotations that it has acquired at any time by 
virtue of the features which some, many or maybe 
even all of the laws then known actually possess. 
It is commonly accepted, for instance, that the 
better part of the Kantian philosophy of nature 
is but a rationalization of the various connota- 
tions which can be abstracted from Newton's 
equations. This Kant-Newtonian frame of refer- 
ence has still interesting terminological after- 
effects in the inclination of many writers, in- 
cluding some empiricists, to reserve the expres- 
sion ‘causal law’ for process laws of the Newtonian 
type which ‘“‘deterministically’’ connect suc- 
cessive temporal cross sections or states of a 
closed system, while the distinguishing epithet 
‘causal’ is being withheld from statistical laws or 
from laws that connect the state variables of an 
equilibrium, such as Ohm’s law or the general 


formula for ideal gases. It is well known, finally, . 


how glibly and confusingly people recently spoke 
and wrote about a breakdown of causality and a 
philosophical crisis when what actually happened 
was, within physics, the breakdown of some con- 
notations of causality which, through dint of 
time and success, had become rather deeply 
rooted thought habits. This is the more amazing 
because whatever breakdown occurred of the 
mechanistic and deterministic features took place 
within the theoretical model and not within the 
realm of the empirical laws. But to appreciate 
this point we must gain some insight into the 
methodological status of theories. 


[To be concluded | 


HE American Association of Physics Teachers probably will meet concurrently with the American Physical Society 

at Columbia University, New York City, on January 13-15, 1944. Plans are also under way to have each regional 
chapter hold a special “‘annual’’ meeting in January or February, with the hope that a large number of members can thus 
attend some one meeting of the Association with a minimum amount of travel and expenditure of time per person. Full 


reports of all nieetings, with abstracts of the papers, will be published in the Journal. 
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Physics Teachers and Technology* 


LLoyp W. 


TAYLOR 


Oberlin College, Oberlin, Ohio 


ATE one afternoon on a dark winter’s day in 
1936 the electric power supply to a portion 
of New York City was interrupted. The condition 
of that part of the city during the ensuing forty 
minutes provided striking evidence of modern 
dependence on the technical professions. Stop- 
page of light, telephone and elevator service 
instantly paralyzed all business activity. Hotels 
and apartment houses found themselves, in 
addition, lacking refrigeration, heat and water 
pressure. Even in that short period, the accumu- 
lation of sewage began to be a problem. 

Eighty thousand theater patrons were left in 
darkness, some of them without even exit lights 
to tell them how to leave. At St. Elizabeth’s 
Hospital a delicate piece of eye surgery was com- 
pleted by flashlight illumination. For lack of 
traffic lights, streets became jammed and acci- 
dents multiplied. Police telephones, radios and 
teletypes went dead. Fire alarm systems became 
inoperative. 

As the chaos above ground increased there was 
even greater confusion below. Subway trains 
coasted to a halt, and 200,000 people were held 
prisoners in unlighted and unventilated tunnels 
from which it would have been impossible to 
pump accumulating water if the power inter- 
ruption had been seriously protracted. In short, 
with power and light gone, confusion, tragedy 
and crime began to threaten the area. 

Someone has said that the whole procession of 
human progress could be brought to an abrupt 
stop by the removal of a few thousand properly 
selected engineers. This is probably somewhat of 
an exaggeration, but it emphasizes the technical 
helplessness and scientific illiteracy of the general 
public. This is a serious lacuna in our educational 
system that should be of central concern to all of 
us. The general public, for its own good, must 
cease taking for granted the contributions that 
engineering and science make to our mode of life 


* Substance of a luncheon talk by the President of the 
American Association of Physics Teachers during the con- 
current meeting with the Society for the Promotion of 
Engineering Education, Chicago, June 19, 1943. 


and our cultural pattern, especially in peace 
times. It is less likely, I think, to overlook the 
corresponding contribution to the war effort. We 
have come along way since the official pronounce- 
ment by the U. S. War Department in 1885 
stating categorically that electrical communica- 
tion was not needed by the Army. 

Today, with even the highest grade specialists 
in physical science and technology in demand by 
the thousands, radio technicians by the tens of 
thousands and motor mechanics literally by the 
hundreds of thousands, the proverbial man on 
the street has no opportunity to forget the debt 
that the war effort owes to technology. What he 
does overlook, however, is that this debt is no 
different in kind and, indeed, scarcely different in 
degree, from that owed in peacetime—that the 
engineer and the scientist may no more be taken 
for granted in the normal setting than in the 
abnormal. To make it impossible for him to 
overlook this could quite properly be the main 
task of physics and engineering education during 
the next few years. May we recognize this duty 
and act upon it! 

Yet if we stop with this we shall fall far short 
of the responsibility which we possess as teachers 
of men. We have a further, a more important, 
and a more exacting function to perform. 

Leading engineers have, in recent years, done 
much to emphasize the fact that theirs is not only 
a profession dealing with things. It is even more 
notably a profession dealing with men. In this 
there is, of course « profound parallel:in physics. 
We have had sad illustration on a huge scale in 
recent years of the prostitution of science and 
engineering to unworthy and destructive ends. It 
is becoming inescapably clear that in the interests 
of mere self-preservation, to say nothing of the 
larger objective, which is nothing less than the 
survival of our social structure, both engineers 
and men of science must outgrow their former 
laissez faire attitude toward the economic, social 
and even political issues involved in their pro- 
fessional pursuits. The preservation of a tolerable 
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social order will, in the long run require the intelli- 
gent and informed participation of both our 
professions. 

This is no rhetorical figure of speech. A few 


years ago Professor Sigerist! of Johns Hopkins 
wrote: 


If the German academic world surrendered so readily 
to reactionary forces, it was largely due to the fact that 
it consisted of men who were specialists and nothing 
else. If we wish to educate a citizen able to think in 
terms of science and a scientist prepared to participate 
in social action, we must change our teaching. 


This puts on physics and engineering teachers a 
sobering degree of responsibility for the sound- 
ness of the future social order. It is so overwhelm- 
ing that in some respects I fear we shall not be 
able to measure up to it. There is too much ex- 
pansion of our own horizons to encompass first, 
and my observation suggests that the teaching 
profession comes very near to being the slowest in 
adapting its offerings to the requirements of 
changing times. 

There is a strong current of informed opinion 
that our own sciences are pointed in the same 
direction as were the German educators. Presi- 
dent Emeritus Neilson? has recently said: 


Especially in the natural sciences is it the case that the 
temptation to early and intense specialization has pro- 
duced a specialist capable of training other specialists, 
but ill adapted to educating youth. 


Though I believe this to be unduly pessimistic, 
the respects and the degree to which our teaching 
will experience the required changes will inevi- 
tably be the subjects of long and discouraging 
study. It will involve the exploration of many 
alternative possibilities, will excite much differ- 
ence of opinion and perhaps even some conten- 
tion. Eventually however, there is reason for 
confidence that we shall find the trail. Our 
professions, with all their conservatism, have a 
tradition of taking the long view, of putting long 
range objectives ahead of temporary expedients. 
If that spirit continues to guide us, controversial 
details as to method can safely be left to the test 
of time. 

One of the points on which cleavage of opinion 
is sure to arise is, I believe, rooted in a misappre- 
hension, the misapprehension that in order to 


1Sci. and Soc. 2, 3 (1938). 
2 Bull. Am. Assn. Univ. Professors 25, 591 (1939). 


LLOYD W. TAYLOR 





present physics in this larger setting, the social 
and cultural, if you please, we must reduce the 
technological content of the subject. I confess to 
having been subject to the same delusion. While 
under it, I segregated my students into Technical 
sections and Arts sections, the sectioning being 
effected on the basis of the students’ expressed 
preferences and vocational expectations. Experi- 
ence has convinced me, however, that it is a 
mistake to pit cultural physics against technical 
physics, as though these were mutually exclusive 
objectives. The fact is that the education of the 
technician is incomplete, even technologically, 
unless it embodies a vision of larger implications 
of the subject. And any attempt to give this 
larger vision by talking about it in vague general 
terms from which the rigorous logical and mathe- 
matical treatment of difficult details is eliminated, 
simply spells self-defeat. This would be true even 
in normal times and it is of course doubly true at 
a time when every technical resource must be 
marshalled in aid of the war effort. The late 
Frederick Barry?’ once said: 


The ultimate establishment of more liberal elementary 
courses in science cannot be avoided. It is necessary to 
our purpose that the humanistic liberalization of 
scientific studies be powerfully advocated and actively 
encouraged and at once; for the obvious reason that we 
must depend on the scientists to devise our basic 
cultural courses in science. 


This is admittedly an exacting order, a long- 
range program which cannot be effected over- 
night or by mere verbalisms. It may require a 
vigorous campaign to increase the time allotted 
to physics in our curriculums .1 order to make 
room for all we would like to introduce in this 
broader treatment of the subject. But we must 
not sit back and wait for such an increase in time 
allotted. The first task is to educate ourselves as 
teachers into the broader point of view, and that 
will keep us busy for some time. You recall 
the reply of the small boy when asked how he 
taught his dog so many tricks, ‘‘You see, lady, 
you have to know more than the dog does.” 
If we have the vision, we shall not fail to 
transmit it to those in our charge. This will be 
effected not so much by additional material pre- 
sented in the classroom as by the spirit in which 


3 The scientific habit of thought (Columbia Univ. Press, 
1927), p. 321. 
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we present the conventional material. It is an 
undertaking well worth the effort. John Dewey‘ 


4Quoted by Sir Richard Gregory in Discovery (Mac- 
millan, 1916), p. 36. 
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was not exaggerating when he said: “The future 
of our civilization depends on the widening 


spread and the deepening hold of the scientific 
habit of mind.” 


Scheduling Basic Physics in the Modern Electrical Engineering Curriculum 


THOMAS JAMES HIGGINS 
Illinois Institute of Technology, Chicage, Illinois 


HIS paper presents the views of a teacher 
of electrical engineering on one aspect of 
the question, How can the engineering physics 
course best serve the engineer? The theme sug- 
gests a diversity of more specific questions. Of the 
several that occur to me one, in particular, 
especially merits the earnest and immediate con- 
sideration of both the teacher of engineering 
physics and the teacher of electrical engineering, 
namely, How shall we resolve the present conflict 
between the portion of the engineering physics 
course that deals with electricity and magnetism and 
the first (sophomore) course in electrical engineering? 
This conflict, as it now exists, can be charac- 
terized by one word—overlapping. In current 
electrical engineering curriculums two kinds of 
overlapping occur: overlapping in time, so that 
the first course in electrical engineering either 
precedes or parallels the electricity portion of the 
physics course; and overlapping in content, for 
the first course in electrical engineering encom- 
passes a preponderance of the subject matter of 
the electricity portion of the physics course. 
Quantitative information on the nature and 
the extent of overlapping in time is afforded by a 
survey, just completed, of the electrical engi- 
neering curriculums administered during the past 
academic year. A written request directed to each 
of the 100 universities and colleges having the 
largest 1942-43 enrolments in engineering! netted 
84 catalogs containing 1942-43 curriculums. 
From these catalogs was compiled a schedule of 
the semesters or quarters in which the student of 
electrical engineering took: (i) physics, (ii) the 
electricity-magnetism portion of basic physics 
and (iii) the first course in the department of 
electrical engineering. The pertinent portion of 


1 J. Eng. Ed. 33, No. 6, 3 (1943). 


this detailed schedule is epitomized in Table I. 
A glance at this table will make clear the very 
considerable extent to which overlapping in time 
occurs. 

The most disturbing state of affairs is manifest 
in Group I: for in 17 of the 23 institutions com- 
prising this group, electricity is given in the 
physics course a full term, or probably a term and 
a half, after the start of the first electrical 
engineering course. Certainly, then, the prime 
function of the electricity portion of the physics 
course—preparation for the first electrical engi- 
neering course—is not discharged here. Again, 
those familiar with the content of representative 
textbooks now used in the basic physics course 
and in the first electrical engineering course will 
readily agree that when electricity is finally 
taught in the physics course, practically all of the 
subject matter? will have been covered already, 
and more thoroughly, in the engineering course. 
Whence it follows that for the most part the 
time devoted to electricity in physics is nonpro- 
ductive—insofar as mastery of new, technically 
useful material is concerned. Anticipating the 
remark that review is no loss, it may be men- 
tioned that personal experience is to'the effect 
that the necessity of learning (perhaps concur- 
rently) symbolism and terminology different 
from that of the first electrical engineering course 
renders the study of electricity in the physics 
course neither smoother nor more appealing to 
the student. 

Of Group II, overlapping in time occurs in 18 
of the 31 institutions concerned. Though now 
electricity and the first electrical engineering 


2 Historical content excepted; but even on this score, 


wee very few of the numerous textbooks on basic physics 
excel. 
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TABLE I. Position in the curriculum of the first course in electrical engineering and the electricity and magnetism portion 
of the physics course, in 84 colleges and universities (1942-43). 


























| Elec. Eng. | Elec. and Mag. | Elec. Eng. rela- 
No. of \- = to ng 
Group institutions | Sem. Yr. No. Sem. Yr. | an 
I 23 1 2 | 6 2 1 | 
17 2 2 Precedes 
II 31* | 2 2 3 2 1 
| 10 1 2 
| 18 2 2 | Parallels 
I] 30** | 1 3 28 2 2 | —-~ 
| 2 1 | Parallels 
\ | 








* Includes one institution adjusted from a quarter basis. 

** Includes three institutions adjusted from a quarter basis. 
course are taught concurrently, personal experi- 
ence indicates that much the same comment as 
on Group I is apposite. As to the other entries in 
Group II, reference to the detailed schedule 
reveals, interestingly, that in eight of the ten 
institutions in which electricity in the physics 
course is given in the first semester of the second 
year, overlapping in time is avoided only by 
reversing the traditional sequence of subjects: 
electricity and magnetism is taught in the first 
term of the physics course rather than in the 
second. In the remaining two of the ten, over- 
lapping is avoided by giving half of the physics 
course in the latter half of the freshman year and 
half in the first half of the sophomore year— 
hardly a desirable scheme of teaching. 

Finally, the almost complete lack of over- 
lapping in Group III is hardly complimentary to 
the institutions concerned: for it is an index of 
obsolescence rather than of planned avoidance. 
An engineering school that does not today offer 
the first electrical engineering course in at least 
the latter half of the sophomore year has an 
archaic program in electrical engineering. If these 
programs were modernized in this respect alone, 
overlapping would then be present in all 31 
institutions. 

To determine the extent of overlapping in 
subject matter the writer examined (i) the con- 
tent of 12 well-known basic physics textbooks 
and (ii) those textbooks that have been written 
specifically for a sophomore course in electrical 
engineering. It was found that practically the 
entire content of the electricity-magnetism por- 
tion of the physics texts is included in the 
sophomore engineering textbooks; and further, 
that some of the latter books contain much of 


what is encompassed in physics texts devoted to 
intermediate electricity and magnetism! 

The genesis of these overlappings in time and 
in course content is not difficult to ascertain. Not 
much more than a decade ago overlapping rarely 
occurred. At that time most engineering schools 
gave the first electrical course in the junior year. 
It encompassed the elements of direct-current 
and of alternating-current circuits and machines, 
in preparation for which the student studied 
electricity and magnetism in the latter half of the 
traditional sophomore physics course. Again, re- 
quired study in radio engineering comprised only 
a limited amount of work in the senior year. But 
as in the more progressive engineering schools 
this limited study gave way, first to required 
separate courses in electronics and in radio engi- 
neering, and later to additional courses in ultra- 
high frequency technics and in elementary net- 
work analysis, the initial electrical course was 
moved, perforce, into the sophomore year; usu- 
ally into the second half, and then—or even from 
the beginning in the case of the more forward 
looking schools—into the first half. And inasmuch 
as in most engineering schools basic physics was 
taught in the sophomore year—and still is, for 
that matter—with electricity-magnetism last in 
the course, overlapping in time and.in course 
content originated in those instances where some 
form of the change described came about, but 
without corresponding adjustments in the sched- 
ule and content of the physics course. Commonly, 
this last was the case; for despite the obviousness 
and the undesirability of the resulting over- 
lapping, satisfactory adjustment has been the 
exception rather than the rule. 

On the thesis that, functionally speaking, the 
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student of electrical engineering takes electricity 
and magnetism in the physics course solely as a 
preparation for the first course in electrical engi- 
neering—and the scope of the truly modern 
curriculum in electrical engineering renders other 
argument irrational—this overlapping in time 
and in course content is most absurd. Nor ought 
it to be suffered to persist. The tremendous ex- 
pansion of applied.electronics in the last five 
vears has necessitated incorporating much new 
material—actually, whole new courses—into the 
electrical engineering curriculum. And now the 
wartime accelerated program imposes yet another 
scholastic burden on the student. In consequence, 
he is today so taxed that a waste of time or effort 
which stems directly from an obsolete service 
course or from a poorly ordered curriculum is not 
to be endured. 

Now it is not particularly difficult to obviate 
overlapping in time. Assuming that the schools 
of Group III modernize their curriculums to the 
extent of introducing a first course in electrical 
engineering into the latter half of the sophomore 
year, the minimum of rational adjustment neces- 
sitates: in Group I, shift of the basic physics 
course into the freshman year; and in Groups II 
and III, the teaching of electricity and magnet- 
ism at the beginning rather than at the end of 
the basic physics course—that is, in the first term 
of the sophomore year. 

Against these suggestions it is not unlikely that 
the following arguments will be mustered. First, 
the fact that at present electrical and nonelectrical 
students are mingled in the same physics classes; 
that the problem of overlapping does not arise in 
connection with this latter, several times larger 
group; and that, therefore, this circumstance 
warrants ignoring it in connection with the 
former—which is precisely the state of mind that 
allows the present muddle to persist. Second, that 
there is no room in the freshman year for basic 
physics—though, seemingly, there is little reason 
why chemistry, now taught in the freshman year, 
cannot be shifted into the second year. Third, 
that it is not feasible to break with the established 
tradition of teaching electricity and magnetism 
at the end rather than the beginning of the 
physics course—though in some physics depart- 
ments just this is being done successfully. And 
fourth, the common assertion that basic physics 
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cannot be taught effectively unless it is at least 
preceded by college trigonometry and paralleled 
by the calculus. 

With regard to the last matter it is of con- 
siderable interest to note that in both the Army 
Specialized Training Program and the Navy 
V-12 College Training Program the basic physics 
course is set in the first several semesters of the 
program, wherein it is bracketed with the ele- 
mentary courses in mathematical analysis. More- 
over, perusal of the detailed outlines of the two 
programs reveals that in the Army program 
study of the principles of mechanics even ante- 
dates, by some weeks, study of trigonometry. 
This particular juxtaposition and the general 
bracketing remarked on, both directly contrary 
to current procedure, ought to focus considerable 
attention on the degree of success achieved in 
teaching the basic physics comprised in the two 
programs. For if a fair degree of success is 
attained—and is other to be anticipated ?—it will 
effectively prove the falseness of this long and 
hotly argued theory of ‘‘minimum mathematical 
preparation.” 

But though the transfers suggested above 
would immediately obviate overlapping courses, 
it may well be, all things considered, that the 
following plan is more desirable and more effect- 
ive, to wit: Segregate the nonelectrical students 
from the electrical; administer physics to the 
former as hitherto; but administer it to the 
electrical students in the freshman year. 

This program possesses the following ad- 
vantages: 

(1) The nonelectrical student continues to 
enjoy whatever advantages accrue to him under 
the present scheme—in particular, a year of 
mathematical preparation which, admittedly, is 
desirable if it can be obtained, as here, without 
sacrifice; and the natural sequence of physics in 
the sophomore year, the elements of electric 
circuits and electrical machinery in the junior 
year, and the elements of applied electronics in 
the senior year. Although at present the latter 
course is not a required course in nonelectrical 
engineering curriculums, it is certain to be so 
after the war—at least in the better engineering 
schools. 

(2) The electrical engineering student benefits 
by elimination of overlapping in time. Moreover, 
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overlapping in course content can be largely 
eliminated by replacement of subject matter 
either obsolete or now covered quite fully in the 
electrical curriculum, by more modern or less 
fully covered material. In fact, considering the 
present trend of electrical engineering it seems 
most desirable to write a basic physics textbook 
especially for students of electrical engineering; 






J. K. ROBERTSON 
Queen’s University, Kingston, Ontario 


eo gat broadly and somewhat paradoxi- 
cally, one might say that throughout the 
nineteenth century investigations in physical 
optics provided overwhelming evidence of the 
wave nature of light, whereas in the twentieth 
century researches in the same field showed that 
light is also corpuscular in nature. It is the aim 
of this paper to indicate by means of a few ex- 
amples, the important role that physical optics 
has played in the development of the physical 
sciences. 

Let me first of all deal with the subject of inter- 
ference. The double-slit experiment of Thomas 
Young, reported in 1803, was the beginning of 
an almost triumphal series of investigations that 
established the wave nature of light and led to 
methods of evaluating wave-lengths. A tremen- 
dous impetus to the accurate measurement of 
wave-lengths was given about 1882 when Row- 
land discovered the method of making master 
diffraction gratings by ruling regularly spaced 
grooves on speculum metal. The resulting ac- 
cumulated data were of importance not only 
because the whole field of spectrum analysis 
depends upon it, but equally so because of its use 
in interferometry. Given a knowledge of wave- 
lengths, one is supplied with an extremely short 
measuring stick, the wave-length of light itself. 
So throughout the last half of the nineteenth 
century there was a gradual development of 
interferometers—instruments that make use of 
interference fringes to measure displacements 
shorter than a wave-length; or lengths as large 
as a meter, to an accuracy of less than one wave- 





The Role of Physical Optics in Research 


K. ROBERTSON 


to omit therein much of the usual material on 
magnetism and on conduction in gas or vacuum 
tubes now encompassed in the sophomore elec- 
trical engineering texts; and to replace it by 
expanding the material on the elements of atomic 
physics—selecting material apposite to electrical 


engineering and stressing its applications rather 
than the theoretical side. 


length; or such quantities as the refractive in- 
dexes of gases. 

An excellent example of the use of inter- 
ferometry in research is provided by one of 
Michelson’s investigations,! on the rigidity of the 
earth. In this research two pipes, 502 ft in length, 
6 in. in diameter, half filled with water, were 
placed in a horizontal position at a depth of 
6 ft, one pipe running in a north and south direc- 
tion, the other east and west. Each pipe ended in 
a pit 10 ft deep and 8 ft square. At the end of 
each pipe, a Michelson’s interferometer was 
placed, the compensating plate being used to seal 
the end of the pipe. Each interferometer was so 
placed that the water in the pipe covered one of 
the mirrors to a depth of about 0.5 mm. Any 
change in the thickness of this layer of water 
due to the action of tides produced a shift in 
the fringes. By means of a recording device 
records were made over long periods of time. 
This illustration is more or less typical of one 
method of using the interferometer, a method 
that continues to be useful. Within the last few 
weeks articles have appeared on interferometer 
methods of measuring such things.as the tilt of 
the earth and the amplitude of mechanical 
vibrations. 

In the development of physical thought, 
greater significance must be attached to two 
investigations which used interference to such 
good effect that they are now included in the 
list of classical experiments in physics. I refer to 


Fizeau’s use of a fringe shift in investigations 


1 Michelson and Gale, Astrophys. J. 50, 330 (1919). 
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TABLE I. Half-width and origin of secondary 
spectrum of hydrogen. 


6d calculated for 





r 5x 
(A) observed 


molecule 


0.032 
.032 
034 


6018 H 
6028 H 
6225 H 
5015 He 


0.034 
.033 
035 
.023 








carried out in 1859, when he verified Fresnel’s 
prediction of a drift of ether in moving matter; 
and to the still more famous experiment of 
Michelson and Morley, whose negative result 
regarding the relative motion of the earth and 
ether became a foundation stone in the theory of 
relativity. 

In almost every field of physics, and of chem- 
istry too for that matter, a knowledge of the 
structure of matter is fundamental. In physical 
optics, for example, we have the question of the 
origin of spectra. What is the ultimate entity 
from which light waves originate? Why does an 
element such as luminous mercury vapor emit 
characteristic yellow, green and violet wave- 
lengths, not to mention many others? I mention 
these questions at this stage because a good deal 
of information concerning the origin of spectra 
has resulted from the application of interference. 
One method consists in using as a source light 
from a single spectral line and gradually increas- 
ing the path difference between the interfering 
rays of an interferometer. The observer examines 
either the change in the visibility, or distinctness, 
of the fringes with changing path difference, or 
alternately, the maximum path difference for 
which fringes can be obtained. By either method 
one can evaluate what is called the half-width of 
the spectral source—a quantity that is a measure 
of how nearly monochromatic the original spec- 
tral line is. Now, if one accepts a Maxwellian 
distribution of velocities in a gas at low pressure 
and assumes that the Doppler effect is the pri- 
mary cause of the departure from absolute mono- 
chromatism, it is not difficult to show on theo- 
retical grounds, as the late Lord Rayleigh? and 
others did, that 


5\/\=3.6X10-7(T/m)}, 
2 Rayleigh, Phil. Mag. 29, 274 (1915). 
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where 6A is the half-width of the spectral line 
of wave-length A, T is the absolute temperature 
and m is the mass of the particle emitting the 
radiation. It follows at once that a knowledge of 
half-width provides information about the mass 
m of the radiating particle. 

As an example of the use of half-width meas- 
urements in an actual research, I shall make a 
brief reference to an investigation described in 
1922 by T. R. Merton* in his Bakerian lecture. 
In this research Merton used the method to 
decide whether the secondary spectrum of hydro- 
gen was to be attributed to the atom or to the 
molecule. As Table I shows, the evidence ob- 
tained was unmistakably in favor of a molecular 
origin, the view now held without any reser- 
vations. 

To measure half-width by any method, inter- 
ferometers in which the path difference between 
interfering rays is of the order of many thousand 
wave-lengths are necessary. In this respect 
Michelson’s interferometer is as useful as any 
other high power interference spectroscope. There 
is another important use, however, to which such 
instruments are put, and that is for the examina- 
tion of the component wave-lengths into which 
most spectral lines, seen as single in an ordinary 
spectroscope, can be resolved. For this purpose, 
direct analysis by instruments such as the Fabry 
and Perot interferometer, Michelson’s echelon 
grating and the Lummer plate is far superior to 
the indirect method of analysis used by Michelson 
with his standard interferometer. In fact, in 
investigations of hyperfine structure, no one 
would dream of using visibility curves obtained 
with a Michelson interferometer. Before the dis- 
covery of these other interferometers in the last 
decade of the nineteenth century or the beginning 
of the twentieth, a diffraction grating of large 
aperture was the only instrument available when 
high resolving power was required. In 1896, for 
example, when the Zeeman effect was discovered, 
Zeeman used a grating for the examination of the 
component wave-lengths in a magnetic field. It is 
significant that powerful interferometers like the 
Fabry-Perot were developed about the time that 
this new and important field of research was 
opened up by Zeeman. 


3 Merton, Phil. Trans. Roy. Soc. A222, 369 (1922). 
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The examination of the structure of a single 
spectral line became of great importance in con- 
nection with the quantum developments of the 
twentieth century. To that question we shall 
return presently, but before leaving the general 
effect of interference, I should like to make a 
brief reference to a series of papers published 
last year on interferometer studies of light scat- 
tering. To give a single example,‘ one of these 
papers reported the results of an examination, 
by means of a Fabry-Perot étalon, of the light 
scattered by eight members of the aliphatic 
series of alcohols. It was found that “the in- 
tensity of the central component relatively to 
the outer or displaced ones increases rapidly for 
the higher members of the series.” 

It is difficult, if not impossible, to think of the 
phenomenon of interference apart from waves. 
It will be recalled that the long controversy con- 
cerning the nature of x-rays which followed their 
discovery was to some extent settled, when in 
1913 von Laue demonstrated the existence of 
interference for this type of radiation. So perfect 
was the agreement between theory and observa- 
tion, in phenomena relating to interference and 
diffraction, throughout almost the whole of the 
nineteenth century that a physicist of the caliber 
of Hertz made the statement: ‘‘from the point 
of view of human beings, the wave theory of light 
is a certainty.’’ That was a rash statement to 
make, however, because at the end of the century 
there were a few clouds on the horizon. At least 
three of the disturbing factors were related to 
the subject of physical optics. 

The first has to do with the way in which 
energy is distributed among the various wave- 
lengths of the spectrum radiated by a hot body 
such as an incandescent solid. Readers will be 
familiar with the curves that depict this dis- 
tribution and also emphasize how the wave- 
length of maximum intensity shifts as the tem- 
perature rises. Before 1900 all attempts to deduce 
this type of curve using the theoretical ideas of 
the nineteenth century had failed. 

The second cloud arose from the observed law 
of photoelectricity, that the maximum energy 
with which a photoelectron is ejected from a 
metal surface depends on the wave-length of the 


4 Bai, Proc. Indian Acad. Sci. A15, 349 (1942). 
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incident radiation, not on its intensity. All the 
accumulated knowledge of the wave theory of 
light was unable to explain such an observation. 

The third disturbing factor was more directly 
connected with the origin of spectra than the 
other two. Balmer’s work in 1885 on the spectral 
lines of hydrogen and the subsequent pioneer 
work of Rydberg on series relations in the 
spectra of the alkalis showed that the wave- 
length of any one of a whole group of lines in 
the spectra of various elements could be calcu- 
lated by merely changing an integer in a com- 
paratively simple formula. Up to 1913, however, 
no one had succeeded in deducing theoretically 
a formula in agreement with the empirical one. 

As is well known, the solutions of these three 
difficulties were given by Planck, Einstein and 
Bohr, but only by the introduction of ideas 
highly revolutionary in the light of nineteenth 
century conceptions. The new ideas center 
around such terms as quantum, photon, station- 
ary states, excited levels—terms some of which 
appear on almost every page of modern journals 
in physics and chemistry. I should now like to 
give a few examples of the way in which quantum 
ideas, particularly those originally used in the 
solution of problems in physical optics, were an 
aid to, or stimulated research in, physics and 
other fields. 

Consider first the question of excited states. 
According to Bohr’s simple theory, the normal, 
or ground, state of an atom is only one of a num- 
ber of discrete energy states in which it may 
exist. Before radiation can take place, energy 
must be added to the atom to put it into an 
excited state above the normal level. In the 
majority of cases, the atom remains in this ex- 
cited state for a time interval of the order of 
only 10-8 sec before emitting a photon of radiant 
energy as it returns to its normal state. In what 
are called metastable states, this time interval is 
much longer, because an atom, when in an ex- 
cited metastable state, cannot lose its excess 
energy by radiation, but only by impact with 
another atom or molecule. 

The conception of excited states led to many 
researches. Of the early ones, we mention the 
work of Wien, who in 1919 measured the length 
of time an atom remains in such a state; and a 
whole series of researches on radiating potentials 
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by such men as Franck and Hertz in- Europe, 
and Foote and Mohler in the United States, 
which gave a beautiful confirmation of Bohr’s 
idea of excited states. Of even greater importance 
is the field of photosensitization, which is based 
on the existence of excited atoms that lose their 
excess energy, not by radiation but by trans- 
ferring it in a collision with other atoms or 
molecules. Let me give a simple illustration. If 
mercury vapor is mixed with hydrogen and the 
mixture illuminated with ultraviolet light of 
wave-length 2537A, the hydrogen is dissociated. 
A mercury atom absorbs a photon of the incident 
light, is put into an excited state, collides with 
a hydrogen molecule and returns to its normal 
state after transferring to the molecule its excess 
energy which is sufficient to dissociate the mole- 
cule. The mercury atom thus acts as a kind of 
catalyst. 

Before dismissing photosensitization, reference 
should be made to a recent book® that describes 
in detail an interesting special application. It 
appears that fluorescent dyes act as photosensi- 
tizers to set in operation processes which, in the 
presence of oxygen, bring about destruction of 
healthy cells. Excited states are fundamental in 
such processes, although in this work we have 
to deal with excited molecules rather than atoms. 

The concept of excited states in molecules was 
an inevitable sequel to the successful interpreta- 
tion of atomic spectra, and became fundamental 
in the elucidation of band spectra, a topic about 
which we shall have something to say later. 
Indeed, it is difficult to think of the origin of 
radiation of any kind without making use of 
excited states, and it is not surprising to note 
the importance of this conception in nuclear 
physics. As far back as 1922 Ellis wrote: ‘‘The 
general results lend support to the view that 
stationary states exist in the nucleus, and it is 
hoped that by investigating the gamma-rays of 
other radioactive bodies some general principles 
in the arrangement of nuclear levels may be 
found.” Nowadays, it is a commonplace to speak 
about excited nuclei arising from nuclear re- 
actions. 

Reference to the nucleus suggests another way 
in which Bohr’s basic ideas concerning the origin 


5H. F. Blum, Photodynamic action and diseases caused 
by light, Am. Chem. Soc. Monograph (Reinhold). 
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of spectra stimulated future researches. I refer 
to the way in which the mass of the nucleus 
enters into theoretical considerations. The value 
of the energy for a particular stationary state 
depends on the magnitude of R, the Rydberg 
constant, which in its turn depends on the nuclear 
mass. For a nuclear mass M, the Rydberg con- 
stant has the value, R= R,/[1+(m/M)], where 
m is the mass of an electron and R, the value of 
this constant for infinite nuclear mass. In the 
case of two isotopes, where we have two different 
nuclear masses but identical electronic structures 
and equal nuclear charges, it follows that the 
values of corresponding wave-lengths, which 
depend on the magnitude of the Rydberg con- 
stant, differ by a calculable amount. One of the 
earliest attempts to make use of this idea was 
that of Arons in 1919, in an investigation which 
showed that the wave-length of the spectral line 
4508A was slightly less when ordinary lead was 
the source, than when radioactive lead was used. 

Possibly the most striking application is given 
by the well-known research of Urey, Brickwedde 
and Murphy in 1932, on the discovery of heavy 
hydrogen. If a hydrogen isotope of mass number 
2 exists, then, when excited, it should give rise 
to wave-lengths shifted to the violet side of the 
ordinary Balmer spectral lines by a calculable 
amount. For Ha, the red hydrogen line, the shift 
amounts to 1.8A. Urey and his co-workers made 
a careful examination of the spectrum of hydro- 
gen and found in the predicted places wave- 
lengths that corresponded to an isotope of mass 
number 2. 

Applying essentially the same method, Hertz 
in 1932 confirmed the existence of the neon 
isotopes 20 and 22. In this element, however, 
where the ratio of the nuclear masses is so much 
less than the 1-to-2 ratio of the hydrogen isotopes, 
the separation of the corresponding wave-lengths 
is very much less than that for hydrogen. Indeed, 
to quote Tolansky, an expert in this field, ‘‘The 
simple mass isotopic effect is usually very difficult 
to observe” and “‘in heavy and moderately heavy 
elements . . . is usually far too minute to be 
observed.” In elements like neon, where it is 
observed, the problem on the experimental side 
is the observation of the fine structure of a 


6 Urey, Brickwedde and Murphy, Phys. Rev. 40, 1 
(1932). 
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spectral line, and so is directly related to the 
use of interference spectroscopes of high resolving 
power, that is, it is a direct application of funda- 
mental physical optics. 

In band spectra the isotopic effect is readily 
observed, because the smaller changes in energy 
levels which give rise to the details of band struc- 
ture are very susceptible to nuclear masses. 
Figure 1, showing the corresponding heads of a 
CYC” and a CC band, is only one of many 
examples that might be given to illustrate this 
point. For the most part, observations on band 
spectra merely confirmed data provided by the 
mass spectrograph, but there are on record ex- 
amples of rare isotopes that were discovered by 
the band spectrum method. 

The examination of the fine—more accurately, 
hyperfine—structure, of a spectral line has a 
significance reaching far beyond the possible 
existence of components due to isotopes. I should 
like now to make some further reference to this 
question, because it provides another example of 
the consequences of an idea’ originally used for 
the solution of a problem in physical optics. 
It is a familiar fact that the spectra of the alkalis 
are characterized by doublets. The interpretation 
of this doublet aspect was not forthcoming until 
Goudsmit and Uhlenbeck’ were led to the as- 
sumption of an electron spinning about its axis. 
This gave an additional component of angular 
momentum in the atom, and since rotation can 
be either clockwise or counterclockwise, and 
term values depend on angular momentum, it led 
to doublet terms. 

The conception of electron spin proved to be 
amazingly fertile, not only in the further inter- 
pretation of spectra but, combined with other 
ideas, in the whole field of chemistry. Consider 
first an example in spectrum work, by a further 
reference to the constituent wave-lengths into 
which an apparently single spectral line can be 
resolved by interferometers. In a very few cases, 
these component wave-lengths arise from the 
isotope effect we have already mentioned. How- 
ever, the magnitude of the separation of the 
components, small as it is, is as a rule far too 
large to be explained on that ground. To explain 
most cases of hyperfine structure, it is necessary 





7Uhlenbeck and Goudsmit, Naturwiss. 13, 953 (1925); 
Nature 117, 264 (1926). 
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Fic. 1. A good example of the isotopic effect in band 
spectra. Note the corresponding heads of a CC! and a 
C"C8 band. (Original photograph by A. S. King and 
R. T. Birge.] 


to attribute to the nucleus of the atom angular 
momentum, that is, to use the conception of 
nuclear spin. The result of this is that a term or 
level, otherwise single, is seen to be broken into 
two or more components close together, and, in 
consequence, a group of wave-lengths close to- 
gether is radiated. Because the mass of a nucleus 
is so much larger than that of an electron, the 
separation of the sub-terms and hence also of the 
corresponding component wave-lengths arising 
from nuclear spin is much less than the separation 
due to electron spin. In the one case we have 
hyperfine structure, in the other fine structure— 
in both cases excellent examples of the interplay 
in physical optics of experiment and theory. 
Before making a brief reference to the im- 
portance of spin in structural chemistry, it 
should be pointed out that the whole arrange- 


‘ment of electrons in s, p, d and f orbits in an 


atom is largely the result of work on the analysis 
of optical spectra. In assigning electrons to their 
proper orbits, use is made of the Pauli exclusion 
principle. This is really an assumption—one, 
however, that fits into the whole scheme of 
quantum mechanics and has proved to be far- 
reaching in its application. According to it, no 
two electrons in the same atom can have the 
same set of values for the various quantum 
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numbers. Since, because of the two possible 
rotations, there are two quantum numbers for 
spin, +3, it follows that two electrons cannot 
be in the same orbit with spins in the same sense. 
For example, in the helium atom, with its two 
electrons, the spins must be opposed, from which 
it follows, incidentally, that helium is diamag- 
netic. Consider now the formation of a stable 
hydrogen molecule from two atoms. In chemical 
nomenclature, this is an example of a covalent 
bond, the two bonded atoms sharing the two 
available electrons. In order to have a stable 
bond, quantum-mechanical analysis shows that 
the spins of the two electrons must be opposed. 
The nitrogen atom has three electrons in outer 
orbitals, each of which is available to form a 
bond by pairing with an electron with opposite 
spin in another atom. Thus we have such mole- 
cules as NH; and NCl;. These very simple 
illustrations will perhaps give some slight indica- 
tion of how the quantum-mechanical theory of 
valence, according to which an atom can form 
an electron-pair bond for each stable orbital, 
had its beginnings in the interpretation of 
problems in physical optics. Of all branches of 
physical optics, work in band spectra is related 
to chemistry probably more than any other. To 
begin with, observations of band spectra have 
proved without any ambiguity that such free 
radicals as OH, CH and CN do actually exist as 
independent entities in that they emit spectra 
and leave a permanent record on a photographic 
plate. When dealing with molecules it is not 
difficult to see that, in addition to excited states 
brought about by electronic changes, as in an 
atom, energy may be added to the molecule in 
the form of both vibration and rotation, and 
that this energy depends directly on the nuclear 
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Fic. 2. Structure of four phenyl compounds, whose ab- 
sorption spectra in the ultraviolet are given in Fig. 3..- 
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masses of the constituent atoms. From the em- 
pirical analysis of observed bands by methods 
similar to those used in line spectra, the energy 
levels of the molecule can be determined. For 
the simpler diatomic molecules one can then 
obtain quantities such as the normal internuclear 
distance between atoms, the curve showing how 
the potential energy varies with changes in this 
distance, heats of dissociation, and thermo- 
chemical data such as entropy and specific heats. 

I have left to the last the most obvious and 
most commonly used application of physical 
optics, that of spectrum analysis. In chemical 
industry problems constantly arise in which 
traces of elements have catalytic effects, and it 
is invaluable to have available the spectroscopic 
method not only of detecting the presence of 
such elements, but also, in many cases, of making 
quantitative measurements. A glance at the list 
of articles in recent issues of physical journals 
gives ample evidence of the increasing import- 
ance of the spectrochemical method of analysis. 
Here are a few titles: ‘The spectrochemical de- 
termination of silicon, iron and aluminum in 
mineral powders with a high voltage direct- 
current arc;” ‘Quantitative spectroscopy applied 
to some impurities in the 70-30 cupro-nickel ;”’ 
“‘Spectrochemical method for the determination 
of boron in synthetic mixtures of soil materials ;” 
and “A preliminary spectrographic study of 
normal and arthritic human blood.” 

These articles refer to the more or less classic 
use of emission spectra. Much of the modern 
work, particularly in organic chemistry, involves 
the use of absorption spectra. It is with some 
hesitation that I venture to give a few illustra- 
tions in this field, in which I lack special knowl- 
edge, but the work is sointeresting and important 
that I am going to make the attempt. 

My first example shows that when phenyl 
groups are separated by one or more methylene 
groups the absorption spectra of all such com- 
pounds are highly characteristic of the phenyl 
structure. The point is well illustrated by Figs. 
2 and 3, which are reproduced from a recent 
article by Norman Jones.* Figure 2 shows the 
structure of four phenyl compounds, and Fig. 3 
the graphs of the corresponding absorption 


8 R. N. Jones, Chem. Rev. 32, 1 (1943). 
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Fic. 3. Ultraviolet oe spectra. (a) ----, di- 
phenylmethane (III, 2); . triphenylmethane 
(IV, Fig. 2). (6) ----, “tks ein (I, Fig. 2); . 


dibenzyl (II, Fig. 2). (Courtesy, R. N. Jones. ] 

spectra. From the marked similarity of the 
graphs for all these compounds it is evident that 
absorption spectra provide a ready means of 
identifying the phenyl group. 

My second example has to do with the ab- 
sorption of certain derivatives of 1,2-benzanthra- 
cene, whose spectrum in the ultraviolet region is 
reproduced in Fig. 4. The letters A, B, C, D, 
mark the positions of fairly pronounced maxima 
which are characteristic of this substance. Now 
Jones’ has shown that, when the spectra of 
derivatives of 1,2-benzanthracene are examined, 
although the resulting graphs are ‘‘closely similar 
in shape and intensity,” there is a progressive 
shift of the absorption curves towards longer 
wave-lengths. Table II gives an indication of the 
magnitude of this bathochromic shift for D, the 
narrowest and most intense maximum. 

Somewhat similar shifts are observed in the 
absorption spectra of hydrocarbons containing 
condensed benzene ring systems, such as those 
represented in Fig. 5. The addition of each 
nucleus causes a progressive shift of certain 
regions towards longer wave-lengths. 

In the above examples spectral observations 
were made in the visible or the ultraviolet 
regions, and hence had to do with energy transi- 
tions involving electronic changes. In the infra- 
red, absorption arising from the simpler non- 
electronic changes is observed, and in the field 
of organic chemistry much valuable work is 


® Jones, J. Am. Chem. Soc. 62, 148 (1940). 
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Fic. 4. Ultraviolet absorption spectrum of 1,2-benzanthra- 
cene in ethanol as solvent. [Courtesy, R. N. Jones. ] 
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Fic. 5. As series of hydrocarbons with condensed aromatic 
ring systems. The addition of each nucleus causes a pro- 
gressive shift of certain regions in the absorption spectrum 
towards longer wave-lengths. 





Fic. 6. Pictorial representation of the grouping of elec- 
trons to form a closed octet about a carbon atom, in one 
of the two resonating forms of ethylene. [After Brode. J 


being done in this region.!° For example, a simple 
radical like OH has a characteristic absorption 
band in the infra-red, and data is being accumu- 
lated regarding the change observed when one 
examines the absorption of a compound YOH in 
a solvent X. 


10 See H. M. Randall, J. App. Phys. 10, 768 (1940). 
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A special case of the use of absorption spectra 
that is important in the study of both organic 
and inorganic compounds is related to the sub- 
ject of chromophores. According to Brode," 
‘chromophores are those atoms or atomic com- 
binations in which there is a deficiency of elec- 
trons so that electrons are capable of occupying 
more than one position in the molecule,” the 
term resonance being applied to the oscillation 
that takes place between the electron forms. Two 
banded carbon atoms, for example, constitute a 
simple chromophore group. Figure 6, reproduced 
from an article by Brode," gives a pictorial 
representation of how the electrons can be 
grouped to form a closed octet around one of 
the carbon atoms, in one of the two possible 
resonating forms of ethylene, a compound con- 
taining this particular chromophore. 

It is found that a simple chromophore can be 
identified by a characteristic absorption band. 
Some of these, taken from a table of Brode’s,” 
are given in Fig. 7. The organic chemist has 
frequently to deal with different combinations 
of two or more chromophores, and spectroscopic 


TABLE II. Position of absorption band D in the spectra of 
certain derivatives of 1,2-benzanthracene. 


Substance Position of band (A) 





1,2-benzanthracene 
4-Methyl- 
5-Methyl- 
8-Methyl- 
9-Methyl- 
10-Methyl- 
5,8-Dimethyl- 
5,10-Dimethyl- 
8,10-Dimethyl- 
9,10-Dimethy]l- 


2870 
2885 
2890 
2900 
2905 
2915 
2925 
2945 
2950 
2965 








41 Brode, J. App. Phys. 10, 751 (1940). 
2 Brode, Chemical spectroscopy (Wiley), p. 130. 
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Fic. 7. The characteristic absorption bands of a few 
simple chromophores. [After Brode. ] 


data have much to say not only about the identi- 
fication of the groups, but also about the whole 
problem of the structure of complicated mole- 
cules. Already a great deal of information has 
been accumulated in this field and there is no 
question that physical optics will once again be 
the basis of results of fundamental importance 
in further elucidating the structure of matter. 

It would not be difficult to extend this article 
by references to other topics such as the scatter- 
ing of light and the Raman effect, polarized light 
and stereochemistry, and by a discussion of the 
way in which the whole body of knowledge in 
physical optics has been used in problems of 
wave mechanics. It is hoped, however, that in 
this incomplete general survey some evidence has 
been given of the far-reaching importance of one 
of the classical fields of physics. 


Erratum. The recent article by F. Buckley, on “Student contributions to the physics 
laboratory” [Am., J. Phys. 11, 155 (1943)], dealt in part with a moment of inertia apparatus 
which, though designed and constructed by the author’s students, is very similar to an appa- 
ratus developed earlier by H. A. Perkins, A. P. R. Wadlund and H. D. Doolittle and described 
in “‘An elementary laboratory experiment on moment of inertia” [Am. J. Phys. (Am. Phys. T.) 
6, 70 (1938) ]. A reference to the latter article should therefore have been included. 
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1, THE ABSORPTION OF ENERGY BY 
THE ATOM 


N a previous paper! it was shown how Bohr’s 
atomic theory accounted for the phenomena 
of the radiation of energy in the form of optical 
and x-ray spectra, as they had been observed up 
to the time of publication of his early papers. 
An atomic model must also provide a description 
of the absorption of energy that fits the experi- 
mental observations. In his first paper? Bohr 
discusses this question. 

The photoelectric effect—Bohr’s theory gave a 
simple explanation of the photoelectric effect. 
An atom emits radiation when it changes from 
one energy state to another. If £ is the difference 
in energy for the two states, the frequency »v of 
the radiation is E/h. Suppose that this radiation 
is incident on a second atom which needs energy 
wo for the removal of an electron. If E exceeds 
wo, some part of E will be available, after re- 
moval of the electron, to give the electron a 
kinetic energy T. Thus T =hvy—wo, which is the 
Einstein photoelectric equation. 

Absorption spectra>—R. W. Wood? had ob- 
served that sodium vapor irradiated by light 
from an intense sodium flame emits only the 
first line of the principal series, the doublet of 
mean wave-length 5893A. If the vapor is 
irradiated by light of a lower frequency, it does 
not emit radiation. If irradiated by light of a 
frequency corresponding to the second line of 
the principal series, of wave-length 3303A, the 
vapor emits radiation of both that frequency and 
the frequency corresponding to. 5893A. Bohr 
explained these observations as follows. 

The atoms of the sodium vapor are in the state 
of lowest energy—the normal state, in which the 
electron responsible for the radiation is revolving 
in the smallest orbit. If at atom is to emit radi- 
ation, the electron must be removed from that 


1 Behrens, Am. J. Phys. 11, 135 (1943). 
2 Bohr, Phil. Mag. 26, 1 (1913). 
3 R. W. Wood, Physical optics (Macmillan, 1905), p. 513. 
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orbit to at least the next one. When the electron 
returns from the second orbit to the first, the 
atom will radiate light of a frequency correspond- 
ing to the line 5893A. To remove the electron 
from the first to the second orbit requires a 
quantum of energy equal to hv;, where 7; is the 
frequency corresponding to 5893A. This quantum 
of energy the atom must absorb from the incident 
radiation, and hence the incident radiation must 
be of the frequency 7». It is evident, then, that 
sodium vapor irradiated by light of this frequency 
would emit only light of this frequency. 

Suppose now that the normal sodium atom 
absorbed sufficient energy to enable the electron 
to be removed to the third orbit. On its return 
to the first orbit, light of wave-length 3303A 
would be emitted. But on returning, the electron 
might drop from the third to the second orbit 
and then from that orbit to the first. In this case, 
radiation corresponding to the 5893A line would 
be emitted. 

Bohr also discussed the absorption spectrum 
of hydrogen. At ordinary temperatures, the 
atoms of this gas form molecules, and his theory 
did not cover that case. At ordinary temperatures 
hydrogen shows no absorption lines correspond- 
ing to emission lines. In 1913 the only hydrogen 
series known was the Balmer series, which 
according to Bohr’s theory was emitted when the 
electron returned to the second orbit from more 
outlying orbits. Luminous hydrogen showed the 
expected absorption lines of this series. It con- 
tained atoms whose electrons were excited and 
hence in the second energy level; if these already 
excited electrons absorbed from incident radi- 
ation quanta of energy corresponding to the 
frequencies of the Balmer series radiation, they 
would in turn emit radiation of those frequencies. 
On their return to the lowest energy level, the 
Lyman series would be emitted; but this series 
had not yet been discovered. 

The Franck-Hertz experiments.—Bohr’s theory 
of absorption was tested thoroughly in the suc- 
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ceeding years by a series of experiments on the 
collision of slow electrons with atoms. The first 
research in this field was done by J. Franck and 
G. Hertz‘ in 1913, so that some of their results 
were available to Bohr soon after the publication 
of his first paper. Their experiments were based 
on Lenard’s® experiments on the excitation and 
ionization of atoms, but Franck and Hertz used 
a different and much improved technic. 

The collision of a neutral atom with a fast- 
moving particle, for example, an electron, will 
under suitable conditions result in the excitation 
or ionization of the atom. If the velocity of the 
particle is sufficiently high, it may, on colliding 
with the atom, give up all or part of its energy 
to impart to the atom sufficient potential energy 
to excite it. In this case the atom, on returning to 
its normal condition, will radiate energy of a 
frequency corresponding to the energy it got 
from the particle. 

Franck and Hertz used electrons as the excit- 
ing source. These were emitted from a heated 
filament and accelerated through a space filled 
with the vapor of some element such as helium, 
sodium or mercury toward a grid by means of an 
accelerating potential maintained between. the 
filament and the grid. Outside the grid was a 
plate, and a small opposing potential was applied 
between it and the grid. The potential difference 
between filament and grid required to excite the 
atom to emit radiation is called an excitation 
potential; the potential difference required to 
drive the electron entirely out of the atom is the 
ionization potential. If the ionization potential is 
applied, a current will be observed in the fila- 
ment-plate circuit, since the ionized atoms will 
charge the plate. 

Franck and Hertz had measured the ionization 
potentials of various gases, such as helium; and 
Bohr glimpsed a check on his assumptions. His 
calculations of the energy required to ionize 
helium gave 27 ev, whereas the measurements of 
Franck and Hertz gave 20.5 ev. The value 20.5 v 
is actually an excitation potential ; the ionization 
potential is now known to be 24.5 v. 

In experimenting with mercury vapor, Franck 


4Franck and Hertz, Verh. d. D. Phys. Ges. 15, 373 
(1913); 15, 613 (1913); Physik. Zeits. 17, 409 (1916). 
5 Lenard, Ann. d. Physik. 8, 149 (1902). 
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and Hertz had observed that radiation was not 
emitted until the electrons had acquired an 


_energy of 4.9 ev. Then a homogeneous radiation 


was observed corresponding to the mercury line 
in the ultraviolet of wave-length 2536A. They 
calculated the energy corresponding to this 
wave-length from the relation E=hyv, and found 
that it corresponded to that of the observed line. 
The calculation is simple. If an electron starting 
from rest at the filament reaches the grid without 


an encounter, its velocity v is given by the energy 
relation, 


Ve/300 = $mv?, 


where e and m are its charge and mass, and V is 
the accelerating potential in volts. If the electron 
is to excite an atom, it must give up to it suffi- 
cient kinetic energy to raise a valence electron 
of the atom from its normal state to the first 
excited state. On returning to the normal state 
the atom will then radiate light of frequency », 
and by Bohr’s theory, the energy given to it by 


the impinging electron should equal hv. This 
gives 


Ve/300=hv=hc/x, 


where ¢ is the velocity of light. Substituting the 
proper values for e, # and c, we get A equal to 
2519A if V is 4.9 v. This value agrees with 2536A 
within experimental error. 

Franck and Hertz had shown that electrons of 
energy 4.9 ev will excite monochromatic radiation 
in mercury vapor. But they concluded that elec- 
trons of the same energy produced ionization of 
the mercury atoms as well, as otherwise some 
features of electric discharge in the mercury arc 
could not be understood. According to Bohr, 
4.9 v is only an excitation potential of the lowest 
excited state of the mercury atom. Paschen® had 
described a series in mercury, the longest wave- 
length of which is the line corresponding to 
2536A. The ionization potential, calculated from 
the limit of this series by using E=hv, would be 
10.5 v. This value was indeed confirmed by later 
measurements of Franck and his co-workers. The 
apparent contradiction was resolved by experi- 


ments which showed that the ionization of 


6 Paschen, Ann. d. Physik 35, 860 (1911). 
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mercury vapor at 4.9 v is a more complicated 
process which does not take place in one ele- 
mentary act, but stepwise. Bohr pointed out the 
great significance of Franck and Hertz’s experi- 
ments in confirming his theory, as they gave him 
the most direct proof of the existence of discrete 
energy states of atoms, which was the funda- 
mental postulate of his atomic theory. 

A good discussion of the significance of these 
experiments was given by Jeans.? Using the 
hydrogen atom, he explains the observations 
found in experiments of the type just described 
approximately as follows. Suppose the electron 
of the hydrogen atom has been given enough 
energy to send it from its normal orbit, »=1, to 
the second orbit, »=2. On returning to the 
normal state, the atom will emit radiation cor- 
responding to the first line of the Lyman series, 
1215.7A, for which the excitation potential is 
10.154 v. This potential difference would be 
required before any radiation from hydrogen 
occurred. To raise the electron to the orbit for 
which n= 3, so that it would emit radiation cor- 
responding to the second line of the Lyman 
series, 1025.7A, would require an excitation 
potential of 12.034 v. On returning to the normal 
state, an electron might drop from »=3 to n=1, 
thus giving rise to this line, but it might also 
drop from »=3 to n=2, thus yielding the first 
line of the Balmer series, and then remain in 
that ‘‘stationary state.” Or it might drop to 
n=2 and then to n=1, giving rise to the first 
Lyman line. Hence, at a potential of 12.034 v, the 
three given lines should be observed. As the 
potential is still further increased, the excitation 
potential corresponding to the energy required 
to raise the electron to the state »=4 would be 
reached at 12.692 v, and now the second line of 
the Balmer series, n=4 to n=3, should be ob- 
served. This would continue, as the potentials 
were raised; line after line of the various series 
would appear in the order indicated, until when 
the applied potential was sufficiently large to 
remove the electron completely from the atom, 
ionization would ensue and the entire spectrum 
should appear. It is hardly necessary to add that 
these predictions were all verified during the 


7 Jeans, Report on radiation and the quantum theory (‘‘The 
Electrician’’ Printing & Publishing Co., 1922). 
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succeeding years by the tremendous amount of 
research carried out in the field of excitation and 
ionization potentials. 


2. THE STARK EFFECT 


In 1913 J. Stark® reported his research on the 
effect on the spectra of hydrogen and helium of 
the presence of an external electric field. For 
hydrogen, the experimental facts were as follows: 


(i) Each Balmer line is split up into a number of com- 
ponents, (The earliest observations showed five.) 

(ii) The number of components increases with the series 
number ofthe line. 

(iii) In the case of transverse observations (at right 
angles to the electric lines of force) the five components are 
plane polarized—the three inner ones with their electric 
vector perpendicular to the field, the two outer ones with 
their electric vector parallel to the field. These last two 
are much more intense than the other three. 

(iv) Displacement and polarization are symmetrical 
with respect to the original line. (This was not found to be 
true for helium.) 

(v) The distances of the components from the central 
line are whole multiples of the smallest displacement 
(measured in frequencies), which is the same for all lines. 

(vi) The displacement is directly proportional to the 
electric field strength. 


Bohr® attempted an explanation of this phe- 
nomenon on the basis of his atomic theory and 
outlined a mathematical treatment that he 
thought might be suggestive. He pointed out that 
the effect of a strong external electric field might 
be either to distort the stationary orbits from 
their simple circular or elliptical forms and thus 
to affect the energy conditions, or to affect the 
mechanism of transition between stationary 
states and consequently the relation between 
radiation frequency and quantity of energy. 
Bohr considered the former possibility the more 
likely of the two. He developed expressions for 
the frequency of revolution of the electron and 
of its energy in the presence of an electric field, 
and got for the frequency v of the radiation 
resulting from the transition from orbit m, to 
orbit m2 the expression, 


deems 1 3h! 
y= (—-— (1+6— mint), (1) 


h ny ne? 1672*e5m? 


8 Stark, Sitz. Kgl. Akad. Wiss. 932 (1913). 
9 Bohr, Phil. Mag. 27, 506 (1914). 
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where @ is the electric field strength. This for- 
mula predicts for every hydrogen line two com- 
ponents situated symmetrically with respect to 
the original line. Their difference in frequency 
is proportional to the electric field strength and 
is given by 


3 
Av=— —G(n.?—n,’). (2) 
4x? em 


This expression gives 4.77A for the displacement 
between the components of the line HB (m=2, 
ne=4), and 6.65A for the separation of the 
components of Hy (m,=2, n2=5). Stark’s meas- 
urements of these displacements were 3.6A and 
5.2A, respectively. Bohr suggested that the dis- 
crepancy between the calculated and observed 
values might be partially due to difficulties en- 
countered by Stark in the determination of the 
magnitude of the field strength. In a later paper,!° 
when more experimental data had been supplied 
by Stark, Bohr reports that the theoretical values 
computed from Eq. (2) agreed within 10 to 20 
percent with Stark’s figures. He considered this 
quite good. 

While Bohr himself did not develop this part 
of his theory much further than has been indi- 
cated, other scientists did, and it became an 
important component of the theory. As late as 
1934 H. E. White™ stated: 


If one were to ask, What was the most outstanding 
success of the early Bohr quantum theory?—the reply 
would be, The first satisfactory treatment of the 
hydrogen atom in an electric field, by Epstein” and 
by Schwarzschild.!3 It is interesting to point out that 
these early results, coming as they did at a time before 
the spinning electron made its debut, have been little 
altered by the more satisfactory quantum mechanics 
as given by the Schrédinger wave equation and by the 
Dirac theory of the electron. 


3. THE ZEEMAN EFFECT 


In 1896 Zeeman" placed a light source between 
the poles of an electromagnet and found that 


10 Bohr, Phil. Mag. 30, 394 (1915). 

11 White, Introduction to atomic spectra (McGraw-Hill, 
1934), p. 401. 

12 Epstein, Ann. d. Physik 50, 489 (1916); Physik. Zeits. 
17, 148 (1916). 

18 Schwarzschild, Sitz. Berl. Akad. Wiss. 548 (1916). 

14 Zeeman, Phil. Mag. 43, 226 (1897). 


275 


spectral lines are split up into components. These 
components are polarized. If a line is viewed at 
right angles to the direction of the magnetic 
field, it is seen to have three components. The 
central one has the same wave-length as the 
original line, but is plane polarized in a: plane 
at right angles to the field. The other two com- 
ponents are plane polarized in a plane parallel to 
the magnetic field. If the source is viewed in a 
direction parallel to the magnetic field, only two 
components, one on either side of the position of 
the original line, are observed. These components 
are circularly polarized. Zeeman, when he pub- 
lished his discovery of the phenomenon, had 
offered a simple yet comparatively adequate 
explanation, on the basis of the Lorentz electrical 
theory of matter. This explanation led to the 
result that if a magnetic field of strength H is 
applied at right angles to the plane of the orbit 
of an electron executing simple harmonic motion 
of frequency vo about an equilibrium position, 
the frequency is altered by an amount given by 
+He/4rmc. Bohr held that the application of 
such a field would influence the mechanism of 
transition between stationary states and con- 
sequently the relation between radiation fre- 
quency and quantity of energy. This was different 
from his view of the effect of an electric field, 
which he thought would affect the stationary 
states and not the mechanism of transition. He 
adopted Larmor’s theorem, according to which 
an electron moving in a magnetic field would 
precess, just as a top does in a gravitational field. 
This would be equivalent to superimposing on the 
motion of the electron in its elliptical orbit a 
precession of the orbit about an axis parallel to 
the magnetic field with a constant frequency 
He/4nmc. The energy relation would then become 


He 
E,-E:=i( »+—). 


4amc 


Doublets.—This explanation of the Zeeman 
effect suggested to Bohr a possible approach to 
the more complex spectra, for which his theory 
had offered no explanation. It appeared probable 


15 Larmor, Aether and matter (Cambridge Univ. Press, 
1900), p. 341. 
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that the doublet spectra of the alkali metals 
might be explained by the presence of slight dis- 
turbing forces, similar to those which caused the 
splitting up of single lines in the Zeeman effect. 
However, considering the nature of the expres- 
sions governing the Stark and Zeeman effects, he 
concluded that these disturbing forces were elec- 
trostatic rather than electromagnetic in origin. 

If the distance r from the center of a complex 
monovalent atom to an external electron is con- 
siderably greater than the distance of the internal 
electrons from the center, the total force due to 
the nucleus and the inner electrons will be 
equivalent to that exerted by a nucleus with 
unit positive charge. This force could be ex- 
pressed by a function, 


(e/r?) ++ (P/r*)+(Q/r')---, (3) 


where P and Q vary with time and with the direc- 
tion of the radius from the nucleus to the elec- 
tron. The second term P/r* suggests that the 
nucleus and the inner electrons form an electric 
dipole. The major axis of the orbit of the external 
electron may be assumed to be nearly equal in 
length to that of the stationary states in hy- 
drogen, that is, proportional to n?, where n is 
the quantum number. Then the second term in 
expression (3) will vary as m~®, and so also will 
the second term in the expression for the Stark 
effect. The corresponding energy difference 
between the two states varies as n~‘. This cor- 
responds to the displacement observed for the 
doublets in the spectra of the alkali metals. 
Bohr also suggested that here might be the 
germ of an explanation of the Paschen-Back"® 
experiments on the effect of the simultaneous 
application of both an electric and a magnetic 
field. Some years later Sommerfeld and Bohr 
developed the theory of these phenomena. 


4. THE CORRESPONDENCE PRINCIPLE 


From the very beginning, Bohr held that any 
theory involving the quantum hypothesis of 
Planck should not deviate essentially from the 
form given it by Planck. The formula that Planck 
had derived for thermal radiation, using the 


, 16 Paschen-Back, Ann. d. Physik 39, 897 (1912); 40, 60 
1913). 
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quantum theory, reduces to the Rayleigh-Jeans 
law, which is derived from electrodynamics, for 
large values of the wave-length. For, if \ is large, 
and hence » is small, hv is also small, and the 
character of the radiation approaches the con- 
tinuous radiation demanded, by electrodynamic 
theory. Bohr therefore made the ‘“‘correspond- 
ence” between his theory and the classical elec- 
tromagnetic theory an important point of 
departure in his theoretical developments. While 
the highly developed correspondence principle 
was the work of later years, the basis of it was 
already laid in his first paper.?” 

Bohr used the hydrogen spectrum as a starting 
point for his correspondence principle. He 
assumes that: 





(i) The different lines of the spectrum correspond to a 
homogeneous radiation emitted during the transition be- 
tween stationary states; 

(ii) The radiation is emitted in quanta hy; 

(iii) The frequency of the radiation emitted during the 
transition of the system between successive stationary 
states will coincide with the frequency of revolution of the 
electron in the region of slow revolutions. 


He then showed that the formula for the 
hydrogen spectrum will have the same constant 
as the one he obtained in his first derivation'® 
without using assumption (iii). In place of 


letting the energy E be 4rhf, as before, he now 
sets 


E= o(r)hf. 


Proceeding as before, he gets 
E=7n'me'e"/2h?¢?(r7), 


f=r'mee’?/2h*¢3(r), 


ome 1 1 
eS A Tr . 
2h? Le*(r2) ¢*(71) 
To get a formula of the Balmer type, 
14 
r=R(——— ; 
ne n? 


g(r) must equal kr, where k is some constant. 
To determine this constant we consider the 











17 See reference 2. 
18 Reference 1, sec. 2. 









transitio: 
stationar 
using ¢( 
emitted 


For the 
the emi 


If N is 
Accord 
quency 
should 
It is ea 
to mn 
respon 
g(r) = 
rived f 

Con 
statior 


g(r) = 


we ob 


Now 
N>)D 


and, 
revol 


it is 


The 
atio1 
mon 
fron 
care 





BOHR’S EARLY ATOMIC THEORY 


transition of the system between two adjacent 
stationary states, such that re== Nand 11=N—1; 


using o(r)=kr, we get for the frequency of the 
emitted radiation, 


2N-1 
2k2h? N2(N—1)? 


w?mee’2 


For the frequency of revolution before and after 
the emission we get 


fu =1?me*e"?/2k*hFN3, 
fu-1=1'me'e’?/2k*h?(N —1)*. 


If N is large, these two values are nearly equal. 
According to electrodynamic theory, the fre- 
quency of the radiation for large values of NV 
should be equal to the frequency of revolution. 
It is easily seen that the expression for v reduces 
to mw*mee’?/k*h®N? for N>1, and that it cor- 
responds to the expression for fy if k=}. But if 
g(r)=$7, we get the expression originally de- 
rived for the hydrogen spectrum. 

Considering next a transition between two 
stationary states r= N and 71;= N—n, and using 
¢(r) =47 and 


R=2r?me’e"/h', 


we obtain 


_ Nam tn) 


1 
y=R(——— = 
Ne oe 


Now if N is nearly equal to n—that is, if 
N>N-—n—this becomes 


N?n? 


y=2R(N—n)/N3, 


and, since the expression for the frequency of 
revolution is 


f= 2R/N', 


it is evident that 


v= (N—- n) fn. 


Therefore, when N—n exceeds unity, the radi- 
ation emitted has a frequency given by the har- 
monics of the frequency emitted by a transition 
from one state to its neighboring one. Bohr is 
careful to stress the point that the different 
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stationary states do not correspond to an emis- 
sion of different numbers of energy quanta. 
Radiation of only one frequency is emitted 
during a transition—the radiation is homo- 
geneous—but this one frequency will be some 
integral multiple of the frequency of revolution 
of the electron in the orbit considered. He puts 
it thus: ‘‘An electron rotating round a nucleus 
in an elliptical orbit will emit a radiation which 
according to Fourier’s theorem can be resolved 
into homogeneous components, the frequencies 
of which are nf, if f is the frequency of revolution 
of the electron.” 

Further, Bohr argues that, since all his as- 
sumptions are of an ‘‘essential’’ character, if the 
whole veiwpoint is at all reasonable, then there 
should be an absolute agreement between the 
calculated and observed values of the constants; 
and the equation for the hydrogen spectral lines 
should be useful in the discussion of the experi- 
mental determinations of e, m and h. 

In a later paper!® Bohr approached this 
problem of the correspondence of the quantum 
and the classical electrodynamic theories from 
another angle. Assuming hy=E,y41:—E,, for the 


transition from the (w+1)th orbit to the mth 
orbit, one can write 


y=1/h(Engi— En). 


It is apparent that for large values of 1 this value 
of v approaches 1/h(dE/dn). From electro- 
dynamics, we should expect that for large values 
of n, dE/dn=hf,. Now, by analogy with the 
Balmer formula, E= —hK/n?, where K is some 
constant, and 1/h(dE/dn)=2K/n'*. But, also 
from electrodynamics, the frequency of revo- 
lution, with the assumed value for E, is given by 


f?=2h*K?(M+m)/n’e4m Mn'*. 


e 


The value of f will be identical with 1/h(dE/dn) 
if 
K=2n*e'mM/h?(M+m). 


This gives the Rydberg constant, at the time of 
writing, within 1 percent. 

The last devleopment of this interesting topic 
in the period under consideration is found in a 
paper intended by Bohr for publication in the 


19 Bohr, Phil. Mag. 27, 506 (1913). 
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Philosophical Magazine in 1916 but actually not 
published until later.2° Bohr here sums up his 
idea of the principle as follows :*! 


We shall assume that the radiation emitted during 
the transition between two consecutive stationary 
states of any periodic system is monochromatic, and 
that the frequency is always given by E,,;—E,=hv. 
Since in general the frequency of revolution will not be 
the same for two consecutive stationary states of the 
same system, we cannot, in view of this assumption, 
expect any simple relation between the frequency of 
the radiation and the frequency of revolution of the 
particle in the stationary states. Such a relation can be 
expected only in the region where is very large and 
the ratio of the two states differs very little from unity; 
in this region we must expect that the radiation fre- 
quency differs only very little from the frequency of 
revolution. We see, therefore, that a necessary condi- 
tion for the general validity of the expression, En41 


—E,=hy, is that for large values of it is true that 
dE/dn=hyp. 


To show that this is the case, Bohr proceeds as 
follows. In Planck’s original theory the possible 
values for the energy of a linear oscillator of 
constant frequency are given by 


E=nhyp, (4) 


where E is the energy, which should be zero if 
the oscillator is at rest, h is a universal constant 
and v is an integer. From the ordinary laws of 
mechanics—using Hamilton’s principle, 


sl F (T— V)dt]=0, (5) 


—it follows that for every system in which the 
frequency of vibration is constant, the mean 
value of the kinetic energy, 


T=f$Tdt, (6) 


is equal to the mean value of the potential energy. 
Hence Eq. (4) is identical with 


T/f= $ Tdt=thn. (7) 


This applies to a single particle. From Eq. (5) 
one can get an expression that holds for a very 
small periodic change in the motion of a periodic 
system; namely, 


OLfF (T+ V)dt]=2f5($Tdt). (8) 


20 Bohr, Abhandlungen tiber Atombau (Vieweg, 1921). 
#1 Bohr, reference 20. Translation of this passage is by 
the present writer. 
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Using Eq. (7) and letting the total energy of the 
system be E, we get 


6E=2f5(T'/f ). (9) 


If x is considered momentarily as continuous, the 
relation dE/dn=fh follows immediately from 
Eqs. (7) and (9) not only in the limiting region, 
but for all values of . 


5. THE RELATIVITY CORRECTION 


The application to the computation of energy 
levels of the change in mass with velocity, used 
so successfully some time later by Sommerfeld 
to explain the fine structure of hydrogen, was 
first suggested by Bohr?? in 1915. In view of the 
expressions for the energy and angular mo- 
mentum derived in the restricted theory of 
relativity, the hydrogen spectrum formula, 


2r°e4mM ( 1 1 


pitecrncemetlll meniicces BL (10) 
h?(m+M)\n;? n? 


becomes 
——_-{ 1 1 ) 
p= f} — —- — 
h?(m+M)\n2 n2? 


wet / 1 1 
freA an 


ch? n; Ne 


Terms involving v/c to powers greater than the 
second were neglected by Bohr. 

The occasion for his taking up the question 
was afforded by some measurements of wave- 
lengths of the Balmer series of hydrogen lines by 
W. E. Curtis* that did not check accurately 
enough with the values obtained from Bohr’s 
formula, Eq. (10). Bohr found that his amended 
formula, Eq. (11), gave a correction only one- 
third as large as that demanded by Curtis’ 
figures. He also pointed out that his theory did 
not account for the fine structure of the hydrogen 
lines, which had been observed several years 
previously. Bohr had ascribed this fine structure 
to a kind of Stark effect incident upon the elec- 


2 Bohr, Phil. Mag. 29, 332 (1915). 
23 Curtis, Proc. Roy. Soc. 90A, 614 (1914). 
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tric discharge. Curtis’ measurements, however, 
appeared to make this hypothesis untenable. 
This was as far as Bohr went in this phase of 
the theory. It was left to Sommerfeld to work 
out the detailed theory of the relativity cor- 
rection, in order to account for fine structure. 


6. RADIOACTIVE PHENOMENA 


The Rutherford nuclear atom model had 
served Bohr’s purpose as far as spectroscopic 
phenomena were concerned. But in considering 
radioactive phenomena his theory required some 
modification of current ideas concerning the 
origin of the emitted radiation. Rutherford had 
concluded that the alpha-particle originated in 
the nucleus; Bohr’s*4 theory demanded that the 
beta-particle also be assumed to have its origin 
in the nucleus, since the theory would not 
account for the spontaneous ejection of an 
electron from the rings of electrons surrounding 
the nucleus. Furthermore, the ejection of an 
alpha-particle would not have a lasting effect on 
the stability of the electron rings. The alpha- 
particle might collide with an electron; this 
would be analogous to the bombardment of 
atoms by alpha-“rays,” which does not result 
in the ejection of electrons, and, therefore, one 
would not expect the emission of beta-‘‘rays’’ in 
the process. Or, the alpha-particles might cause 
a disarrangement of the configuration of the 
electrons in the atom; in this case the electrons 
would rearrange themselves in positions of stable 
equilibrium around a nucleus of charge two less 
than before. Rutherford** adopted Bohr’s views. 


7. POLYNUCLEAR SYSTEMS 


In the third part of his first treatise Bohr?® 
discussed the question of systems with several 
nuclei. He attempted a computation of the 
energy relations of a hydrogen molecule, and 
qualitatively discussed the configurations and 
stability of the systems. 

By reasoning similar to that employed in 
developing the dynamics of the monatomic 


24 Bohr, Phil. Mag. 26, 476 (1913). 

2% Rutherford, Nature 92, 423 (1913); Phil. Mag. 27, 
488 (1914). 

26 Bohr, Phil. Mag. 26, 857 (1913). 
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model, Bohr suggests that systems with con- 
figurations consisting of two positive nuclei and 
a number of electrons could be described that 
would be consistent with the arrangement of the 
electrons to be expected in molecules of chemical 
combinations. In the case of a neutral system 
containing two nuclei with large charges, a 
stable configuration would result if the majority 
of the electrons were arranged around each 
nucleus approximately as if the other nucleus 
were absent, and only a few of the outer electrons 
were arranged differently—rotating in a ring 
around the line connecting the nuclei. This latter 
ring, which keeps the system together, represents 
the chemical ‘“‘bond.’”’ Systems containing more 
than one nucleus cannot be formed by successive 
binding of electrons. It must be assumed that 
they are formed by the interaction of other 
systems containing single nuclei which already 
have bound electrons. Such a coalescence of two 
nuclear systems would result in the liberation of 
energy. Bohr calculated that the liberated energy 
would be equal, in the case of two hydrogen 
atoms forming a hydrogen molecule, to approxi- 
mately 6X10‘ cal/mole. While this value for the 
energy was of the right order of magnitude, it 
differed widely from that observed by Lang- 
muir,27 who had measured the thermal con- 
ductivity of hydrogen in 1912. Langmuir’s com- 
puted value for this energy was 13 X 10‘ cal/mole. 
This appeared to be the only check Bohr found 
available at that time for testing this particular 
part of his theory. 


8. FURTHER DEVELOPMENTS 


By 1916 the Bohr atom was definitely estab- 
lished, although a few voices were still being 
raised in criticism of his primary assumptions. 
Among them was that of Stark,?* who complained 
that all the atom-model builders overlooked 
entirely the chemist’s problem—the explanation 
of valence. (Bohr had actually suggested an ex- 
planation of this in his theory concerning the 
arrangement of electrons in the atoms.) Stark 
charged that most of the models were ‘‘made to 
order” (‘‘zurechtgemacht” was Stark’s expression) 


27 Langmuir, J. Am. Chem. Soc. 34, 860 (1912). 
28 Stark, Ann. d. Physik 50, 53 (1916). 
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to get a single result, say, the derivation of a 
Balmer series formula, whereas a satisfactory 
model is required to yield all laws experimentally 
discovered to date. Since Stark, however, would 
not admit quantization, his views on this subject 
bore little weight; for by 1916 the quantum 
theory was firmly established. 

There were also physicists who, like Nicholson, 
could not accept the rather naive hypothesis of 
coplanar rings of electrons. The first attempt at 
a three-dimensional atom model appears to have 
been made by A. L. Parson®® in 1915, who sug- 
gested a static atom model much like the well- 
known one of Lewis*®® and Langmuir.*! Parson 
considered that the tendency of electrons to 
group in pairs, as illustrated in helium, and in the 
law that electrons are shared only in pairs, 
strongly suggested a set of force doublets, similar 
to those in magnets. He proposed, therefore, 
that the electron itself be considered as a com- 
bination of a charge and a circular current, that 
is, as a charged rotating ring. He also showed 
that this structure would result in a very strong 
tendency to form stable cubic groups of eight, 
like the two layers of the second shell in the 
Lewis-Langmuir model. The idea of such a 
ring-shaped electron was made to seem quite 
plausible four years later, when some results of 
experiments on the scattering of gamma-rays 
were shown by A. H. Compton* to indicate that 
electrons are not as small in size as had been 
supposed, but might have diameters of the order 
of 10-*° or 10-° cm. 

Allen’s magnetic nucleus model.—Among the 
various criticisms leveled at Bohr’s theory 
during the early years, that of H. S. Allen* gave 
rise to one of the most interesting attempts at 
atom-model building. Allen held that, while 
Bohr’s formula seemed adequate for the hydrogen 
atom—this was a few months before Curtis’ work 
was published—it would be necessary, in the case 
of heavier atoms, to assume that the nucleus 
produces a magnetic field as well as an electric 
field. In the case of radioactive emission, for 
example, the alpha- and beta-particles are 


29 Parson, Smithsonian Misc. Coll. 65, No. 11 (1915). 
30 Lewis, Am. Chem. Soc. 38, 762 (1916). 

31 Langmuir, J. Am. Chem. Soc. 41, 868 (1919). 

3% Compton, Phys. Rev. 14, 26 (1919). 

33 Allen, Nature 92, 630, 713 (1914). 


expelled with high velocities, and, since Bohr 
and Rutherford considered that these particles 
originated in the nucleus, they must have these 
velocities in the nucleus. If they are in motion, 
they will give rise to a magnetic field outside the 
nucleus. There had been some attempts to 
explain magnetic effects on an atomic basis, and 
a unit elementary magnetic particle called the 
magneton was occasionally mentioned. Allen 
computed that the magnetic moment of an 
electron moving in a circular orbit with angular 
momentum equal to h/2r would be five times 
as large as that of this magneton. 

These suggestions were developed the following 
year as a consequence of Curtis’ measurements of 
wave-lengths of the Balmer series (Sec. 6). 
Allen organized his theory in a very interesting 
paper;*4 of which the following isa brief summary. 

A formula, similar to that of Ritz, representing 
the distribution of lines in spectral series, can 
be deduced from the following assumptions: 


(i) The core of an atom gives rise not only to an electro- 
static field proportional to 1/r?, but also to a magnetic field 
such as would be set up by an elementary magnet. 

(ii) Steady states of motion of an electron in the mag- 
netic field of the atom are determined by the ordinary laws 
of electrodynamics, together with certain special assump- 
tions, similar to Bohr’s, regarding the angular momentum 
and the energy of the electron. 

(iii) The radiation, as in Bohr’s theory, is emitted in 
quanta, which represent the difference in energy between 
the energies of two steady states of motion. 


Allen applied his model to the hydrogen spec- 
trum. In view of Curtis’ work, the simple Balmer 


formula, 
1 1 
ts R(; i ). 
22 9? 


would have to be replaced by the Rydberg-Ritz 
formula, 


ed 
— L(+p)2 (atu) 


where p and yu are small constants. Curtis found 
that substitution of the following values in this 
formula would make it fit his spectroscopic 


34 Allen, Phil. Mag. 29, 40 (1915). 
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BOHR’S EARLY ATOMIC THEORY 


measurements in the case of the Balmer series: 
p=0, »=0.0000069, R=3.2903766 X10" sec". 

Allen derived the following expression for the 
frequency of radiation emitted by atoms con- 
structed according to his assumptions: 


232me*e"? 1 1 | 


hk? \(o2+B/o3*)? (01+B/o:?)*) 


For the Balmer series og=2 and oi[=n]=3, 4, 
5, «++; the value of B in the first bracket 
Allen gave as zero, and in the second as 
1622m Me’e’*/h*, where M is the magnetic mo- 
ment. This arbitrary equating of B to zero, 
which was necessary to get the Balmer formula, 
implied that the magnetic moment has different 
values for different stationary states; Allen 
thought this might account for the inequality 
of p and uw in Rydberg’s empirical formula. Thus 
Allen’s formidable general expression becomes, 
for the Balmer series, a simple one, 


1 1 
Aisi 
4 (n+B/n?)? 


which was in remarkably accurate agreement 
with Curtis’ results. Bohr®* merely pointed out 
that Allen’s setting B=0 could hardly be justi- 
fied; that he disregarded the fine structure and 
used only the component which gave the best 
check; and that his theory would not explain the 
Zeeman effect. 


9. THOMSON’S ATTEMPT AT QUANTIZING HIS 
ATOM MODEL 


Mention was made in the first article of this series** of 
efforts to bring the Thomson model into line with new 
discoveries by means of quantization. Haas’s early at- 
tempt** was followed by one of K. F. Herzfeld®’ in 1912, in 
which he modified the atom so that it contained, not the 
same density of positive electrification throughout, but a 
density varying at various depths. The electrons revolved 
only in concentric circles. Using electrodynamics only, and 
not admitting quantization, Herzfeld obtained a model 
that would predict the Balmer series of hydrogen. 

The following year Bohr’s atomic theory was published, 


% Bohr, Phil. Mag. 29, 332 (1915). 


36 Behrens, ‘‘Atomic theory from 1904 to 1913,” Am. J. 
Phys. 11, 60 (1943). 


37 Herzfeld, Akad. Wiss. Wien 121, 2A, 593 (1912). - 
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and a few months later J. J. Thomson** made a last effort 
to rescue his model from obsolescence, by assuming that 
“the transformations of radiant into kinetic energy would 
take place in accordance with Planck’s law.” Probably 
influenced by Herzfeld’s contribution, Thomson assumed 
that two forces acted on an electron in the atom: (i) a 
radial attractive force, proportional to 1/r? (where r is the 
distance of the electron from the center of the atom), con- 
fined to a limited number of radial tubes in the atom; (ii) a 
radial repulsive force, proportional to 1/r°, diffused through- 
out the whole of the atom; this repulsive force resulted from 
something in the structure of the atom that made the 
angular momentum of an electron about an axis in the 
atom a universal constant. In Thomson’s words, ‘‘a 
corpuscle within a tube of attraction might be removed to 
infinity, in the tube, or by leaving it sideways and then 
coming under the uncontrolled action of the repulsion, and 
by the conservation of energy, the work done against the 
attractive force must be the same in either case.’”” Thomson 
further assumed that the kinetic energy with which a 
corpuscle is expelled from the atom by the impact of 
radiation of frequency » is proportional to hy; and that 
radiant energy of frequency v will be absorbed only in 
multiples of hv. For example, a cathode particle striking an 
atom will penetrate until stopped by the repulsive force, 
and then will be repelled and ejected. The electron will be 
accelerated while it is within the atom and will therefore 
give rise to radiation, constituting x-rays, the frequency of 
which bears Planck’s relation to the kinetic energy of the 
originating particle. Thomson employed the results of 
Whiddington’s experiments already used by Bohr, and ob- 
tained a frequency in the ultraviolet coinciding with the 
limit of the Balmer series. Since the Lyman series had been 
discovered, he concluded that there might be harder x-rays 
than the ‘‘K”’ type. 


CONCLUSION 


The year 1916 marks a sharp transition point 
in the development of the Bohr atom model; for 
in that year both W. Wilson and Sommerfeld 
made their great contributions. But Bohr had 
given them their starting points. He had intro- 
duced the quantization of the angular mo- 
mentum ; he had suggested a relativity correction 
to explain fine structure in hydrogen and had 
introduced the elliptical orbit later worked out 
so well by Sommerfeld. He had laid the founda- 
tion for his correspondence principle. The point 
that strikes the reader of his early papers most 
strongly is the courage and ability with which 
he investigated every phase of atomic theory 
with his model and adjusted the model to meet 
every new contingency. 


38 Thomson, Phil. Mag. 26, 792 (1913). 








An Advanced Laboratory Experiment on Forced Damped Oscillations 


E. C. CRITTENDEN, JR. 
Case School of Applied Science, Cleveland, Ohio 


HE wide application of the theory of the 
forced damped oscillator to the fields of 
acoustics and electricity makes an experiment on 
“forced damped oscillations of considerable im- 
portance to the student. Laboratory equipment 
that is well suited for both observation of the 
frequency-response curve and for quantitative 
measurements on transients can be very simply 
constructed in the form of a torsional oscillator. 
The equipment is shown in Figs. 1 and 2. The 
oscillating member is suspended from above by a 
steel wire about 1 m long. Another steel wire 
below is stretched by a spring to give the system 
ruggedness. The lower wire is fastened to a short 
rod which is rotated in a crude bearing by a lever. 
The lever is caused to execute torsional harmonic 
motion by a rod connecting the lever to another 
lever rotated by a gear train driven by a direct- 
current motor. The angular displacement of the 
lever at the lower end of the suspension is always 
less than 5° so that the deviation from harmonic 
motion is negligible. The period of the driving 
torque can be varied continuously from 3 to 30 





sec by changing a chain over several sets of 
sprockets in the gear train and by varying the 
resistance in the armature circuit of the motor. 
The period of free oscillation of the system is about 
6 sec. A period of at least this amount is necessary 
in order to allow observation of the transients. 

Damping of the system is provided by a 
crossarm carrying on each end copper plates 0.08 
cm thick which swing between the poles of small 
electromagnets. These magnets have pole-face 
areas of 11 cm? and air gaps of 0.3 cm. They were 
constructed from two iron core chokes by re- 
moving the laminated core and reassembling the 
laminations in such a way as to leave an air gap 
on one side. The corresponding gap in the return 
circuit was filled with iron shims. The necessary 
mechanical strength to prevent the air gap from 
closing was obtained by cutting three additional 
laminations from galvanized iron sheet in such a 
way as to cross the gap in the return magnetic 
circuit. These were placed, one in the center of 
the laminations and the other two on the outer 
faces, and the whole bolted together. 


Fic. 1. Equipment for the 
study of forced damped oscilla- 
tions; telescope and scale re- 
moved. 
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Fic. 2. Damping mag- 
nets and oscillating sys- 
tems. 


The two electromagnets are operated in series, 
and the current is read on a milliammeter. With 
the damping plates on a lever arm of length 16 
cm, critical damping is obtained when the magnet 
current is 96 ma. The hysteresis of the iron cores, 
although small, is large enough to require a 
reversing switch to insure reproducibility by 
taking the iron around the hysteresis loop a 
number of times whenever the magnet current is 
changed. 


In an earlier model the damping was provided by blades 
dipping into oil pots. Although good results are obtained 
as far as exponential damping of oscillations is concerned, 
this method of damping introduces complications for 
transient oscillations. Even though the motion of the 
blades is parallel to their surfaces, considerable entrainment 
of the liquid occurs. This gives rise to variation of the 
effective moment of inertia of the moving system and 
dependence of the damping on the frequency of oscillation. 


Measurement of the angular displacement is 
accomplished by means of a galvanometer mirror 
cemented to the moving system. A conventional 
galvanometer telescope and curved scale make a 
convenient system for reading the deflections. 


If the differential equation of motion of the 
system is written as 


Id?6/d?+ Rd6/dt+ K@= F sin (24vt—a), 


OSCILLATIONS 


the solution becomes 
6=e-F#l2I[ ay cos (2avst) +a; sin (2rv;t) | 
+(F/2mrvZ) sin (2rvt—g—a). (1) 


The first term represents an exponentially damped 
oscillation at the natural frequency of oscillation 
of the system. The second term represents a 
steady response at the frequency of the driving 
torque and is the response that remains after the 
exponential in the first term has reduced that 
term to negligible magnitude. 
In Eq. (1), 
R 


CU he cincecenessioenente 
(K/2mrv) —2avI 


where ¢ is the angle of lag of the displacement, 
due to the steady response term, behind the 
driving torque. The impedance Z is given by 


Z=[R2+(K/2xv—2nv1)?}, 


where » is the driving frequency. The frequency 
of damped vibration is 


vy = voL1—(R/4arI v9)? }}. (2) 


If there were no damping, the frequency of free 
vibration would be 


vo= (1/27) (K/I)}. 
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Fic. 3. Amplitude of the steady response as a function of 
the driving frequency. The curves represent calculated 
values. Curve I, low damping; curve IJ, medium damping; 
curve III, critical damping; curve IV,-greater than critical 
damping. The points represent the observed values. 


The constants a and a; in Eq. (1) are de- 
termined by the initial displacement and velocity 
of the system; that is, setting @=6) and dé/dt=w» 
at t=0 gives 


ao= O+Ao sin (d+a), 


a=Ad 


sin (¢+a) oli (e+e) | 
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where Ao= F/2mvZ. 
Equation (1) can be simplified somewhat for 
purposes of computation if it is rewritten, 


6=A,e~®4/2I sin (2rvst+ 1) 
+Aosin (2rvt—d—«a), (3) 


where A, = (a;2+a¢")! and tan ¢,=4/a1. 

Briefly, the experiment involves verification of 
Eq. (3). Maximum values of 6 may be directly 
observed under known conditions and compared 
with the values of @ calculated by means of 


Eq. (3). For this calculation, the numerical 
values of K, I, R, F, a, 60, wo, vo and » are needed. 

The stiffness constant K and the moment of 
inertia of the oscillating system I can be de- 
termined by timing the period of free oscillation 
of the system with and without an added body of 
known moment of inertia, in this case a bar 
clamped at its center and with its axis at right 
angles to the suspension. This timing also serves 
to determine vo. 

If the damping is small enough for several 
measurable deflections to occur when the system 
is displaced and released, the resistance, or 
damping constant, R, can be determined by ob- 
serving the successive values of maximum de- 
flection, both positive and negative. Plotting the 
absolute value of the deflection as the ordinate 
and the ordinal number of the swing as the 
abscissa on semilogarithmic paper gives a line, 
the slope of which is —(R/2.303)(1/4Jv;), from 
which R can be calculated. 

For damping near critical damping and beyond, 
this method is not applicable because successive 
deflections cannot be obtained. At critical 
damping the value of R can be determined from 
Eq. (2) since at critical damping the radical is 
zero and R/4rIvp=1. The damping can be set at 
critical damping by gradually increasing the 
magnet current until the system shows no 
“overshoot” when deflected and allowed to re- 
turn. However, this adjustment is difficult to 
make with precision because of the difficulty of 
detecting the presence of the ‘‘overshoot.”’ 

The simplest method for the determination of 
R in the region of high damping is by observation 


TABLE I. Data relating to the transient shown in Fig. 4. 


Observed displacements for maxima occurring during a 
transient oscillation 
(10-2 radian) 


Trial1 Trial 2 Trial3 


5.78 5.80 5.82 
— 6.30 — 6.38 —6.32  . 
2.48 2.36 2.45 2.43 
0.00 0.30 0.10 0.13 
3.21 3.20 3.18 3.20 
—5.16 —5.20 —5.11 —5.16 





Constants of the system: Initial conditions: 
=20.8 X10 gm cm? a=0, wo=0, 6=0 
=3.19 X108 gm cm? sec™! Calculated constants: 
=21.3 X108 gm cm? sec™? 
=1.42 X108 gm cm? sec™? 
v =0.294 sec"! 
vs =0.161 sec™! 


Ao =2.83 X107? radian 

A1=5.21 X107? radian 
¢ =173° 20’ 

1 =3° 39’ 
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FORCED DAMPED OSCILLATIONS 


DISPLACEMENT IN RADIANS 


Fic. 4. Displacement as a function of time for a transient oscillation. The curves represent calculated 


values. Curve I, steady component; curve II, exponential component; curve III, total displacement. The 
observed values of maximum displacement are indicated by short horizontal lines. 


of the steady response for the case of the driving 
frequency v equal to the free oscillation frequency 
vo for which the impedance is equal to R. This 
essentially means matching the theoretical re- 
sponse curve to the experimental curve at this 
point. 

The amplitude of the driving torque F can be 
determined by deflecting the driving lever to its 
position of maximum displacement and reading 
the value of @ after the system has come to rest, 
then repeating for the driving lever in the posi- 
tion to produce maximum deflection in the 
opposite direction. If half the total displacement 
between these two observations is 6p, it is easily 
shown that F=K6,, independent of the relative 
stiffness of the upper and lower suspensions. 

The driving frequency » is obtained by timing 
the period of the driving lever. The angle a, the 
initial phase angle of the driving torque, is de- 
termined by the initial position of the rotating 
lever driven by the gear train. The initial dis- 
placement 6 is read before the motor is started. 
Practical limitations require that the system be 
started at initial angular velocity wo equal to zero. 

Data taken of steady amplitude of response as 
a function of driving frequency for various values 
of the damping are plotted as the points shown in 
Fig. 3. Steady amplitude is determined by 
waiting until the transient has died away before 
readings are taken. The curves of Fig. 3 are 
drawn through points calculated from the ampli- 


tude of the second term of Eq. (1). The values of 
R for curves IJ and IJ have been determined by 
means of the slope of a line in a semilogarithmic 
plot. Curve JIJ was taken for critical damping 
and curve JV for greater than critical damping. 
For these latter two curves, R has been deter- 
mined by matching the theoretical curve to the 
experimental data at one point near rp. 

For the observation of transients, the initial 
phase angle a is set at a predetermined value and 
the initial displacement 6) read with the system 
at rest. The motor is suddenly started and values 
of maximum deflection recorded. Three succes- 
sive sets of observations on a transient are given 
in Table I. During these observations, the value 
of the damping constant R was the same as for 
curve I of Fig. 3. The variation of the deflections 
for successive trials is largely due to variations in 
drive motor speed caused by fluctuations in 
power line voltage. At the time the data were 
taken the fluctuations were of the order of 1 
percent. 

Determination of the time of occurrence of the 
maxima without the use of direct recording 
equipment is not highly successful because the 
reaction time of the observer introduces an error 
that is large in comparison with the intervals to 
be timed. However, such data taken with a stop- 
watch or with a chronograph are useful as a guide 
during calculation. 

Calculation of the maxima from the constants 
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of the system and Eq. (3) can be simplified if a 
partially graphical method is employed. If @ is 
plotted as a function of time for values of time 
near the previously determined times of occur- 
rence of the maxima, a curve can be drawn with 
relatively few points and the maxima determined 
from it. In evaluating the exponential factor 
A ,e—®#/21, the semilogarithmic plot used to de- 
termine R is useful. A line drawn parallel to the 
line through the experimental points but with an 
intercept on the ordinate equal to A, can be used 
to read:off values of Aye" */?7, 

Figure 4 represents the transient tabulated in 








Cart T. H1IBDON 
The Ohio State University, Columbus, Ohio 


EASUREMENTS of weak radioactive sub- 
stances by means of the ordinary single 
ionization chamber often vary considerably due 
to fluctuations in the ionizations produced by 
cosmic rays and extraneous and terrestrial radia- 
tions. These ionizations are the chief contributors 
to the so-called background of an ionization 
chamber. It is the purpose of this paper to 
describe briefly a device that effectively cancels 
the background or renders it insignificant. 

In order to do this, two chambers have been 
built into a single instrument. Electric connec- 
tions are made in such a way: that the final 
background of the instrument is equal to the 
difference between the backgrounds of the two 
component chambers. To insure symmetry of 
construction the outside shell was cast in one 
piece of bronze. 


DESCRIPTION OF CHAMBER 


Figure 1 is a photograph of the instrument 
equipped for use with a Wulf unifilar electrome- 
ter,! and Fig. 2 is a schematic diagram together 
with electric connections. The outside shell A is 
the bronze casting and is electrically grounded. 


1T. Wulf, Die Faden-  iramaaeal (Ferd. Diimmlers 
Verlag., Berlin, 1933), p. 6 
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A Double Ionization Chamber for Electrometers 








Table I. The curve is drawn through points 
calculated on the basis of the constants of the 
system. The observed values of the maxima are 
indicated by the short horizontal lines. 

The equipment which has been described could 
be easily modified to make a direct record of the 
displacement as a function of the time. Allowing 
a pencil of light reflected from the mirror to fall 
on a moving photographic film or paper would 
produce a permanent record. However, this 
refinement has not been added to the equipment 
here principally in the interest of maintaining 
simplicity of operation for the student. 
















































































Fic. 1. Double ionization chamber with Wulf 
unifilar electrometer. 
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DOUBLE IONIZATION CHAMBER 


Fic. 2. Schematic diagram of double chamber 
with electric connections. 


The two inside chambers B were spun from copper 
pipe 3 in. in diameter with walls #5 in. thick. 
Each chamber is 5 in. high and is covered with 
aluminum foil C of thickness 0.002 in. Cardboard 
paper D covered with ceresin wax insulates the 
inner chambers B from the outside shell A. In the 
process of preparation, the wax is applied hot in 
order to provide an airtight seal. 

The mechanism for collecting the ions consists 
of a }-in. copper rod E at the center of each 
chamber. These rods are connected to a common 
cross rod 3%; in. in diameter. From the mid-point 


Fic. 3. Comparison of decay 
curves for strong activities. 


Activity in Arbitrary Units 
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of this cross rod a $-in. copper rod passes through 
a sulfur plug F to the electrometer. This plug 
supports the entire weight of the rods. The rods 
are, therefore, in metallic contact only with the 
fiber of the electrometer. Since it is difficult to 
form a sulfur plug which in itself is airtight, a 
thin layer of hot ceresin wax was melted over the 
sulfur.? 

When making observations, the radioactive 
sample is placed just above one of the 0.002-in. 
aluminum foils. In this position the sample pro- 
duces strong ionizations in the chamber directly 
beneath, and weaker ionizations in the other 
chamber. To prevent this ionization in the other 
chamber, a lead block 2 in. thick is placed be- 
tween the two chambers as shown in Fig. 1. When 
in operation Freon gas at a gage pressure of 
20 lb/in.? is used in the instrument. The pressure 
is thus the same in the two ionization chambers 
B, since they are enclosed in the bronze casting 
A. Some experimenters have used two separate 
chambers, which have certain disadvantages for 
keeping them at the same pressure.’ 

For the electric connections six 45-v batteries 


are used and are connected as indicated in Fig. 2. 


2L. F. Curtiss, Bull. Bur. Stand. 11, 377 (1915). 
3 W. A. Sokolow, Zeits. f. Physik 63, 318 (1930). 


Decay Curves 
A- Double Chamber 
B- single Chamber 
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© Double Chamber 
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The two plates of the electrometer are maintained 
at opposite potentials of 90 v each with respect 
to ground. One of the inner chambers B, together 
with its aluminum foil, is kept at +135 v and the 


other at —135 v with respect to the outside 
shell A. 


RESULTS 


Some typical results of the use of the double 
chamber will now be described and compared 


with the observations made by the use of the 
single chamber. The double chamber and the 
single chamber were both used with Wulf unifilar 
electrometers. In Fig. 3, two comparisons are 
shown. Here the decay curves of two of the 
artificially radioactive isotopes of scandium are 
plotted on semilogarithmic paper.* An activity 
about 300 times the background of the single 
chamber is shown in the two upper curves for 
radioactive Sct. In the lower curves a similar 
comparison is made using radioactive Sc!7, which 
has an activity only ten times the background of 
the single chamber. In each case the slope of the 
curve is the same for the double chamber as for 
the single chamber. As the activity becomes 
weaker, the observed points obtained by the use 
of the single chamber are seen to fluctuate con- 
siderably more than those obtained with the 
double chamber. 

The most convincing comparison is indicated 
in Fig. 4, where the decay curve for the 85-day 
period® of radioactive Sc*® is shown. Here the 


4Complete results on artificially radioactive scandium 
will be published elsewhere. 
5H. Walke, Phys. Rev. 57, 163 (1940). 
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Fic. 4. Comparison of decay curves for 
very weak activity. 


activity is very weak, one-fifth that of the 
background of the single chamber. The points 
obtained by the double chamber lie much nearer 
a smooth curve than those obtained by the single 
chamber. Therefore, the double chamber leads to 
a more reliable determination of the half-life of 
the radioactive substance under study. 

When the single chamber is used for measure- 
ments, the activity J is calculated by the formula, 


lo tb—t 


? 


[= 

b—to ft 
where ¢éo is the time required by the fiber of the 
electrometer to move over a given number of 
scale divisions when a reference sample, for ex- 
ample a uranium salt, is placed above the 
0.002-in. aluminum foil; ¢ is the corresponding 
time for the artificial radioactive sample under 
observation and ¢, is the time for the background. 

When the double chamber is used the back- 
ground is sufficiently small that ¢, becomes very 
large as compared with the other readings, ¢) and 
t. The formula then reduces to I=#p/t. 

The most important advantage to be gained 
from the use of the double chamber is the in- 
creased accuracy of measurements for weak 
radioactive samples. Measurements of the back- 
ground are not necessary, and the calculations 
are simplified somewhat. Drying agents are not 
as essential as for single chambers. 


OTHER APPLICATIONS 


With this type of chamber, other applications 
are also possible. For example, two x-ray beams 
may be arranged such that one beam passes 
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DETERMINATION OF CRITICAL POTENTIALS 


through each chamber. A direct comparison of 
their ionizing properties may then be made as a 
function of absorbing and scattering materials 
placed in the path of one of the beams. This ar- 
rangement is similar to that employed in the 
twin photo-tube densitometer. A source of 
gamma-rays may be substituted for the x-rays. 

With a single x-ray source symmetrically ar- 
ranged about 2 ft or more above the chambers it 
is possible to measure the relative absorption 
coefficient of different materials. 

In student laboratories the fiber of an elec- 
trometer is often left ungrounded. The fiber 
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sticks to one of the plates of the electrometer and 
must then be replaced or readjusted. The degree 
of cancellation of the background of the double 
chamber was tested by leaving the fiber un- 
grounded for three days in a room containing 50 
samples of various radioactive materials concen- 
trated in a rack not symmetrically located with 
respect to the double chamber. During this time _ 
the drift of the fiber was insignificant. The double 
ionization chamber, therefore, provides a rugged 
piece of apparatus for research and_ also for 
student laboratory use where delicate electrome- 
ter measurements are necessary. 


A Laboratory Experiment for Determination of Critical Potentials 


DONALD FAHEY* AND J. G. WINANS 
University of Wisconsin, Madison, Wisconsin 


T is known that the resonance potential of 
mercury at 4.86 v may be demonstrated with 
any three-electrode tube containing mercury by 
connecting the tube to duplicate the original 
experiment of Franck and Hertz.! To demon- 
strate other critical potentials and to show. the 
distinction between excitation and ionization, an 
arrangement like that of Davis and Goucher? is 
desirable. Such an arrangement may be provided 
through the use of commercial electron tube 
125A7-GT,; which contains five grids. Several 
unevacuated 125A7-GT tubes were kindly fur- 


Fic. 1. Wiring diagram. 


* Now at Truax Field, Madison, Wisconsin. 

1 Harnwell and Livingood, Experimental atomic physics 
(McGraw-Hill, 1932), p. 316; R. Hofstadter, Am. J. Phys. 
10, 112 (1942). 

? B. Davis and F. S. Goucher, Phys. Rev. 10, 101 (1917). 


nished for these experiments by the RCA 
Corporation. 

A drop of mercury was inserted into each tube 
before it was attached to the vacuum system. 
The plate was heated for a short time by an 
induction heater, and the tube was sealed off. 

The connections are shown in Fig. 1. The 
control grid and three successive grids were con- 
nected together to give a field-free space of 
maximum length. The fifth grid, connected to the 
filament inside of the tube, provided a retarding 
field. The indirectly heated cathode provided an 
equipotential source of electrons. Photoelectric 
current from the plate or from the fifth grid was 
measured and plotted as a function of the 
accelerating potential. 

Tube 125A7-GT operates with a filament cur- 
rent of 0.15 amp and a filament potential differ- 
ence of 12.6 v. The accelerating potential 
difference applied between the filament and the 
first grid could be varied from 1 to 20 v, and the 
plate potential could be changed from 0 to 3 v. 
The plate current was measured with a Leeds and 
Northrup wall galvanometer of sensitivity ap- 
proximately 10-§ amp/mm. 

Many critical potential curves were made with 
the tube in air at room temperature and im- 
mersed in water or oil baths at temperatures from 
0 to 150°C. Several different values for the plate 
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POTENTIAL DIFFERENCE IN VOLTS 


GALVANOMETER DEFLECTION IN CM 


Fic. 2. Two sample curves. 


potential were also used. It was found advisable 
to allow about 20 min after turning on the fila- 
ment current for the tube to reach equilibrium. 
It was also found that galvanometer fluctuations 
were smaller if readings were made for decreasing 
rather than increasing accelerating potentials. 
Two sample curves are shown in Fig. 2. The best 
curves were obtained with the tube immersed in 
oil at 125 to 150°C and with a plate potential 
between 0.5 and 1.0 v, positive or negative. 

The correction for contact potential difference 
may be ascertained by noting the break corre- 
sponding to 6.7 v, which occurs on Fig. 2 at 6.9 v. 
When the correction of 0.2 v is applied to the 
other breaks in the curve, the critical potentials 
are found to be 4.9, 6.7, 9.3, 9.7 and 10.4 v. The 
10.4-v break is shown to be an ionization po- 
tential by the fact that, with the plate positive, 
the current changes in the opposite direction 
from the change at 9.7 v. 

It is interesting to note that, with the plate 


positive, the breaks at 6.7 and 9.3 v show a de- 
crease in plate current with increased potential 
while those at 4.9 and 9.7 v show an increase. 
The two critical potentials at 4.9 and 9.7 v 
correspond to excitation of one or two mercury 
atoms to the 6*P, state, resulting in emission of 
radiation of wave-length 2536A. This radiation 
ejects electrons from the fifth grid, and these are 
collected on the plate. The plate current will 
increase as a critical potential is passed if the 
photoelectrons from the plate do not have energy 
sufficient to overcome the retarding potential of 
0.5 v. This is apparently true for radiation of 
wave-length 2536A. The break at 6.7 v, however, 
corresponds to excitation of mercury atoms to 
6'P, with emission of light of wave-length 1849A. 
This radiation will eject photoelectrons both 
from the fifth grid and from the plate. Those 
ejected from the plate will have sufficient energy 
to reach or pass through the fifth grid and will be 
collected by it or the remaining grids. Whether 
the current increases or decreases as a critical 
potential is passed will depend upon whether the 
electron current from the grid or that from the 
plate predominates. With a plate potential of 
+0.5 v and radiation of wave-length 1849A, the 
plate emission predominates. This causes a de- 
crease in electron current to the plate. Curves 
taken with higher positive plate potentials show 
a much less pronounced break at 6.7 v. 

The life of a tube was sufficient to provide data 
for about 10 curves. This could probably be in- 
creased by more thorough outgassing of the 
electrodes before the tube is sealed off. 


A Physics Card Game 


R. L. Epwarps 
Miami University, Oxford, Ohio 


HIS game is not designed to »opularize 

physics with beginning students, but rather 
to combine instruction and pleasure when under- 
graduate physics majors get together for social 
occasions. It is suited to any number of players 
from two to eight, inclusive. The 126 cards are 
made up of 21 categories of six cards each, no two 
of which are alike. The first 20 categories are 


“‘physical dimensions,” while the twenty-first is a 
category of fundamental constants. The dimen- 
sion of no card is specifically named, but is left to 
the player to determine. In the case of the cate- 
gory of fundamental constants, the single symbol 
is given but not its magnitude. 

The cards are dealt 12 to each participant, and 
the remainder are placed face down in a pile in 








Category 


Length 


A PHYSICS CARD GAME 


TABLE I. List of categories. 





Entries on the six cards of the category 


Mass 
Time 


Velocity of 2e(>- 


Acceleration 


Force 

Pressure 

Linear momentum 
Torque 

Angular momentum 


Mechanical energy 


Electric energy or 
magnetic energy 


Other energy 
Power 


Current 


Potential or potential 
difference 


Resistance or impedance 
Magnetic field strength 


Electric field strength 


Refractive index 


Fundamental constants 
(1941 values) 


the middle of the table. The person at the dealer’s 
left starts the play by declaring ‘‘Length”’ (Cate- 
gory No. 1), as he makes a discard presumably of 
that dimension, laying it face down near the 
middle of the table. He then draws a card from 
the remainder of the deck. The next player must 
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declare the second category, ‘‘Mass,” as he lays a 
card on the previous discard and draws. The next 
categories which must be declared in order are 
“Time,” ‘‘Velocity,’’ and so forth, as specified in 
Table I. Frequently a player will not be able to 
lay down a card of the required category, and on 















a, radius; effective radius of electron; semi-major axis; 
radius of earth 

A, area of cross section; ‘“‘total area’”’ of coil; a constant! 
angle of prism; area of orbit 

(AO), object distance (actual depth) 

(AI), image distance (apparent depth) 

b, susceptance 

B, flux density 

c, velocity of light 

C, capacitance 

Cy, specific heat at constant volume 

d, distance between parallel plates 

D, angle of minimum deviation 

e, charge of electron; Naperian base 

E, d.c. emf (V also used) ; effective emf 

f, acceleration 

F, force 

g, acceleration due to gravity; a.c. conductance 

gm, mutual conductance 

G, Newtonian constant of gravitation 

h, height; distance from axis to center of mass; Planck 
constant 

H, magnetic field strength ; horizontal component of earth’s 
magnetic field 

zi, instantaneous current; angle of incidence 

I, rotational inertia; effective current 

Ss V/- 1 

J, Joule equivalent 

k, Boltzmann constant; spring constant 

1, length 

L, torque; self-inductance 

m, Mass 

Mo, rest mass 

M, mass of earth or sun; magnetic moment 

n, number of molecules per unit volume; number of elec- 
trons per unit length; quantum number; number of 
loops (Z also used) ; rigidity 

N, Avogadro number 





other occasions he will not choose to do so as the 
card may be one that he wishes to retain. Any 
member of the group who doubts that the actual 
discard represents the quantity declared may 
challenge it, whereupon the player turns the card 
face up, and the challenger must name its cate- 
gory within 5 sec. The challenger must then 
further identify the card. In the category 


“Length,” for example (see Table I), proper 
identifications are: 


for (v?/g) sin 26, the horizontal range of a projectile in 
vacuum; 


for 2T cos @/rpg, the rise of liquid in a capillary due to 
surface tension; 


for (h/moc)(1—cos ¢), the Compton change in wave- 
length due to scattering. 


In the case of the final category of fundamental 
constants, the challenger must give the numerical 
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TABLE II. Definitions of symbols.* 





pb, pole strength 

P, pressure 

q, Q, quantity of charge 

r, radial distance; radius of curvature; resistivity ; angle of 
refraction 

R, gas constant; resistance 

s, distance 

S, entropy 

t, time 

T, coefficient of surface tension; absolute temperature; 
— of revolution in orbit 

v, velocity 

Va, Velocity of light in air (or vacuum) 

Vg, velocity of light in glass or other medium 

V, volume; potential or potential difference (E also used) 

Vo, volume of mol of ideal gas under standard conditions 

w, weight in British units; work function 

W, work; energy 

X, reactance; electric field strength 

Y, Young’s modulus 

z, electrochemical equivalent; number of turns per unit 
length of helix 

Z, number of loops (” also used) ; atomic number 

a, angular acceleration; angle of lag 

B, v/¢ 

7, ratio of specific heats at constant pressure and constant 
volume 

6, elongation of spring 

e, dielectric coefficient 

n, coefficient of viscosity 

6, angle 

A, wave-length 

u, permeability ; refractive index; amplification constant of 
vacuum tube 

v, frequency 

p, density 

o, charge per unit area 

¢, magnetic flux; angle of scattering 

w, angular velocity 





* With rare exceptions the symbolism here employed is that recommended by the Committee on Letter Symbols and Abbreviations [Am. J. 
Phys. 8, 300 (1940)]. 





magnitude with the proper unit of the constant in 
question. 

If the discard made by the player is of the 
category declared, the challenger must give the 
player a card from his hand; but if it is not, the 
player gives a card to the challenger. This award 
is on the assumption that the challenger identifies 
the card to the satisfaction of the group. If he 
fails to do so, there is added a one-card penalty 
against the challenger, in favor of the player. In 
that case, if the discard is as declared, the chal- 
lenger forfeits two cards to the player, while if it 
is not as declared, the mutual penalties cancel 
each other. 

When a challenged card proves to be other 
than as declared, the succeeding player must 
redeclare the same category except that the same 
category is never declared more than twice in 
succession. When two or more persons simultane- 
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GRAPH OF THE LENS EQUATION 


ously challenge a play, the person nearest to the 
player’s right is deemed the challenger. 

A “‘book”’ consists of one card each from four 
successive categories. Fundamental Constants 
(No. 21) and Length (No. 1) are ruled to be 
successive. He who first.forms four books wins 
the game. Whenever a person’s turn comes 
around, he may lay down any book he has suc- 
ceeded in completing as he calls the categories of 
the cards with proper identifications and in the 
correct order. He lays them down face up for 
inspection by the group; then he may turn them 
over. Laying down a book in the manner pre- 
scribed above entitles him to draw two extra 
cards from the remainder of the deck, subject to 
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a penalty of one card for each error. No net loss, 
however, may occur in the operation unless the 
player does not actually have a book, in which 
case he must pay one card to the discard pile. 
Finally, he makes the regularly declared discard 
and draws. When the remainder of the deck is 
exhausted, the pile formed by discards is shuffled 
and substituted therefor, and a new discard pile 
begun. 

A list of categories (first two columns of 
Table I) must be within view of all players at all 
times; a list of symbols with definitions (Table II) 
must be within easy access. Obviously the infor- 
mation listed in the third column of Table I must 
not be in sight during the game. 


The Graph of the Lens Equation in Three Variables 


C. LuTHER ANDREWS 
New York State College for Teachers, Albany, New York 


OO often the students who are taking ele- 
mentary physics and analytic geometry 
simultaneously are not sufficiently encouraged 
either by their mathematics or their physics 
instructors toapply analytic geometry to physical 
problems. When plotting an experimental graph 
of the thin-lens equation for a given converging 
lens in the laboratory, these students frequently 
inquire what kind of curve the lens equation will 
yield if the focal length is a variable. With 
moderate encouragement, any student of analytic 
geometry can analyze the lens equation in three 
variables and transform the coordinates to obtain 
the standard equation for the geometric figure. 
The three-dimensional graph is then easily 
constructed. 
The lens equation may be written, 


1/v—1/u=1/f, (1) 


where v is the image distance, u is the object 
distance and f is the focal length. For a thin lens, 
these distances are measured from the optical 
center; for a thick lens, they are each measured 
from the nearer of the two equivalent planes of 
the lens. The Cartesian convention of signs is 


used, according to which distances are positive in 
the direction opposite to the direction of propa- 
gation of the light. The Cartesian system is used 


Fic. 1. Graph of the lens equation for a given converging 
lens. The dotted portion of the hyperbola is for virtual 
objects. One scale division is equal to the focal length of 
the lens. 
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Fic. 2. String model graph of the lens equation in three 
dimensions viewed from the origin along the positive u 
axis. This graph is for real objects only. 


in this discussion because it is preferred by 
students of analytic geometry.! 

Consider first the special case of a converging 
thin lens of fixed focal length for which the graph 
of image distance v versus object distance u is 
plotted experimentally in the laboratory. The 
student of analytic geometry will readily recog- 
nize the graph (Fig. 1) as that of a rectangular 
hyperbola with asymptotes u = —f and v=f. It is 
to be remembered that, by the Cartesian rule of 
signs, f is negative for a converging lens. Let 
f=—k. 


If the axes are translated by the transformation, 


u=u'-+k, 


v=v'—k, 
and rotated through 45° by the transformation, 


u’=u"' cos j{x—v" sin 4x, 
v’ =u" sin tr+v" cos ia, 


1 The discussion may be easily altered to apply to the 


equation, 
1/u+1/v=1/f, 


with a sign convention in which distances to real objects 
and real images are positive, to virtual objects and virtual 
images negative, and focal lengths of converging lenses are 
positive and of diverging lenses negative. This convention 
was recommended for use in elementary courses in the 
“Report of the A. A. P. T. Committee on the Teaching of 
Geometrical Optics,’’ Am. J. Phys. (Am. Phys. T.) 6, 78-82 
(1938), esp. p. 78, and has been adopted by most if not all 
the recently published elementary textbooks in physics 
in this country. 


Fic. 3. String model graph of the lens equation with the 
f scale expanded by a factor of five to show the usual 


laboratory graph for a converging lens on the right-hand 
side of the box. 


Fic. 4. Graph of the thin-lens equation in three dimen- 
sions. Upon the conic surface are plotted graphs for lenses 
of given focal lengths. The broken portions are for virtual 
objects. 


the canonical equation for a rectangular hyperbola 
is obtained, namely, 


y!/2? —y4!"? = 2R?. 


(2) 


Returning to Eq. (1), we have, upon clearing 
fractions, 
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Fic. 5. Flattened surface of the cone which may be copied for construction of the three-dimensional graph of , 
the lens equation. 


uf —vf —uv=0, (3) 


which a student of higher algebra would recog- 
nize as the equation of a cone since, being a 
quadratic equation with the constant term 
missing, its discriminant vanishes and it has a 
rank of three. 

However, a student of elementary analytic 
geometry may by inspection arrive at the same 
conclusion. If virtual objects as well as real ob- 
jects are considered, then, for any lens, one may 
obtain experimentally any ratio of object to 
image distance and, therefore, any magnification. 


For a given magnification m, 


v=mu, 


(4) 
which is the equation of a plane that includes the 
f axis. Substituting mu for v in Eq. (3), one 
obtains 

= mu/(1—m). (5) 


Equations (4) and (5) are the equations of a line 
through the origin and lying on the quadric 
surface of the lens equation. By giving all values 
to m, both positive and negative, one may see 
that the quadric surface is completely made up 








296 i 





of straight lines through the origin and is, there- 
fore, a cone with its vertex at the origin. 

Since the surface is made up of straight lines, 
it may be constructed as a string model. Figure 2 
shows a box on the sides and bottom of which are 
plotted the graphs of the lens equation for the 
cases u=10, v=10, v= —10, f=10 and f= —10. 
The resulting conic surface formed by the string 
model is for real object distances only. The 
coordinate system is not viewed in the con- 
ventional manner but from the origin along the 
positive u axis; thus the negative values of the 
focal length are on the right. The lines of the 
strings have physical significance; they are lines 
of equal magnification. 

In Fig. 3, the scale on the axis of focal lengths 
has been expanded by a factor of five so that the 
student may recognize the usual graph for a 
converging lens on the right-hand side of the box. 

The coordinate axes are each rulings of the 
cone, and they make equal angles a, 8, y with the 
axis of the cone; that is, cos a=1/v3. By proper 
rotation of the axes one should obtain the stand- 
ard equation for a cone. 

Rotate the coordinate axes about the v axis 
through 45° in a direction from the positive f axis 
toward the positive u axis by the transformation, 
































































































































f=f' cos }r—w’ sin jr, 
u=f' sin }4+w’ cos iz, 
v=v’'. 


























The conic surface now has the equation, 


u’*+ 2v20'f’—f”?=0. 
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The axis of the cone lies in the plane of the f’ and 
v’ axes. 

Next rotate the coordinate axes about the u’ 
axis from positive f’ toward positive v’ through 
cos~! (1/v3) by the transformation, 


f' =f" V (1/3) —0"'V/ (2/3), 
v =f" V/ (2/3) +0" / (1/3), 


=u", 
This transformation gives the standard equation, 
f'?+u'2%= 2v'"2, 


for a right circular cone whose axis is the v’’ axis 
and whose vertex is at the origin. 

Since the figure is a circular cone it may be 
made with two paper cones. Figure 4 is a paper 
model viewed in the conventional manner along 
the positive u axis toward the origin. Upon the 
cones are plotted the lens curves for lenses of 20 
different focal lengths. The broken lines are for 
negative object distances, that is, distances to 
virtual objects recently discussed by L. M. 
Alexander. The lines on the cone for fixed values 
of f were made by projecting a beam of light 
parallel to the u axis, casting shadows with a 
straight edge parallel to the v axis and tracing the 
edge of the shadow. 

Figure 5 is one of the cones flattened so that it 
may be copied for a quick construction of the 
model. Since the same figure must be copied for 
each of the two cones, none of the lines is broken. 


2 Alexander, Am. J. Phys. 10, 110 (1942). 





F doubts and difficulties and unsolved problems accumulate, that is no 
reason to despair of science. Anyone who does despair and longs for the 
lost infallibility of the nineteenth century is making the false assumption that 
the material universe is such a paltry affair that a mere 26 centuries of inter- 
mittent investigation is enough to get to the bottom of it. This appears to be 
one of the morals to be drawn from the history of science. The other seems to 
be that, though no problem is finally completely solved, ingenuity and hard 
work can produce solutions that are valid within limits and within those 
limits a permanent gain.—A. D. Ritcuie, Nature 150, 5 (1942). 
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NOTES AND DISCUSSION 


Demonstration of the Emission Current 
Through a Glass Bulb 


K. S. Lion 


Department of Biology and Biological Engineering, Massachusetts Institute 
of Technology, Cambridge, Massachusetis 


HILE it is known that the current in a diode can be 
controlled, to a certain extent, from the outside of a 
glass envelope, it is not generally known that the emission 
current from the filament of an ordinary light bulb can be 
demonstrated easily through the glass of the bulb. The 
effect becomes quite large if the glass of the bulb is heated 
in an electric oven, but even at normal operating tempera- 
tures it is pronounced enough for a simple and very con- 
spicuous demonstration. 

The arrangement is shown in Fig. 1. The bulb B is 
partially covered with ordinary tin foil T which is con- 
nected, through a galvanometer G, to one of the terminals 
D of the light bulb. If the filament is heated, a cloud of 
electrons is emitted which, in moving towards the glass 
envelope, produces by electrostatic induction a change of 
potential of the tin-foil coating and, therefore, a current in 
the galvanometer. The order of magnitude of this current 
is 2X 10-7 amp. The galvanometer deflection returns not to 
zero, but to about 6X10-® amp, indicating a current 
through the glass of the bulb. This phenomenon can be 
observed for about 10 sec. After this time the temperature 
of the glass of the bulb rises so that the resistance of the 
glass decreases, and the electron current through the glass 
therefore increases. After about 6 min, the current will 
attain to 40 wamp or more and can be demonstrated with an 
ordinary meter. 

The electrons from the end A of the filament are ac- 
celerated by the potential difference between the points A 
and T, if A is negative with respect to T. During the other 
half-cycle no electrons are accelerated towards the outside 
coating. (This rectifier effect is the same as in an ordinary 
diode; it can be demonstrated with a cathode-ray oscillo- 
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Fic. 1. Arrangement of circuit: B, light bulb, 25 w, 115 v_ (Mazda, 
G.E.); T, coating made from tin foil; G, galvanometer (Rubicon), 
sensitivity, 10-§ amp/mm; Eb, voltage source, variable 0 to 200 v, 


graph, and it can be used to charge a condenser.) The 
fastest electrons, therefore, have a speed corresponding to 
the peak value of the applied filament voltage. This can 
be shown by inserting at the point C a direct-current 
voltage source E» variable from 0 to 200 v, so that the 
negative pole of this voltage source is connected with the 
coating 7. Since, at increasing voltage, fewer electrons can 
overcome the applied opposite voltage, the current de- 
creases. If the voltage applied to the filament is 115 v rms, 
the electron current becomes zero at 115v2, or 163 v 
(initial electron velocity negligible). The velocity distribu- 
tion of the electrons can be found, as is known, from the 
curve of electron current 7 as a function of Ey. Near the 
zero point of this curve, at E,=0, a negative (ionic) current 
can be observed. 


An Inexpensive Student Interferometer 


Francis H. NADIG AND J. LLoyp BoHN 
Temple University, Philadelphia, Pennsylvania 


HE screw in the conventional Michelson interferome- 

ter is difficult to make and also is sometimes a source 

of trouble. With the elimination of this screw in mind, we 

conceived the idea of floating a mirror on a pool of mercury 

and thus produce an interferometer of low cost for student 

use. The depth of the mercury in the pool and, therefore, 

the position of the mirror was varied by pushing a fine steel 

wire into the mercury. This arrangement was very sus- 

ceptible to vibration and was found to be practically 
useless. 

The present apparatus is fundamentally the same; but, 
instead of floating the mirror on mercury, a piston is used 
and the mirror is fastened to the top of the piston. The 
mercury is confined under slight pressure. The optical 
system is that of the Michelson interferometer and will not 
be described further. However, a word concerning the 
mirrors might be helpful. The mirrors may be cut from an 
ordinary mirror and the dividing plate made from a piece 
of plate glass and used without a half-coating. The fringes 
obtained by this arrangement will be irregular afd lacking 
in contrast and will be difficult to observe with a telescope. 
We suggest that three aluminized optical flats, one with a 
half-coat and two with full coats, be purchased from an 
amateur telescope makers’ supply dealer or other optical 
concern. Should anyone be interested in making his own 
mirrors, he will find the required information in a number 
of standard books.! 

Nonessential materials are used as much as possible in 
the apparatus shown in Fig. 1. The base is made out of a 
block of maple 24X2%3X6$ in. The iron piston is § in. in 
diameter and, since the distance between the walls and the 
piston must be small and the surface must be smooth, but 
not too smooth, an iron sleeve is inserted in which the 
piston can move freely up and down. To reduce further 


297 










Fic. 1. Interferometer and light source. 


essential materials the mercury reservoir is made of small 
diameter. , 

Figure 2 is a schematic diagram of the hydraulic system 
that controls the position of one of the mirrors. The block 
of maple has two j-in. holes drilled from the top as shown 
in the diagram. These two holes are connected by another 
hole drilled from the side. The latter is then closed to the 
outside by a wooden plug. A larger hole, 3 in. in diameter 
and 1} in. deep, is drilled as shown on the left in Fig. 2 to 
hold the iron sleeve in which the §-in. piston can move 
freely up and down. The right-hand hole is also enlarged 
somewhat to hold an iron bushing through which the steel 
wire can operate up and down. The wire, of diameter 
0.0331 cm, need fit snugly at the bottom of the bushing 
only. Three cubic centimeters of mercury will suffice to 
operate the apparatus. Precautions to be observed are: 
(1) be sure that the mercury is clean; 
(2) be sure there are no air pockets in 
the mercury system; (3) be sure the 
piston moves freely yet has a small 
clearance. 

A little calculation will show that 
the wire moves through about 2300 
times the distance moved through by 
the mirror on the piston. This means 
that for sodium light the number of 
fringe shifts should be about 14% 
fringes per centimeter motion of the 
wire. The calculated results agree very 
closely with the observed results. 

'.. For more accurate measurements a 
telescope can be mounted on the ap- 
paratus for observing the fringe shifts. 
The wire can be moved very evenly by 
mounting it between two rollers, one 
of which is attached to a knurled 
head for easy turning. The neon bulb 





Fic. 2. Hydraulic 
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NOTES AND DISCUSSION 


shown in Fig. 1 makes a very convenient source of light for 
demonstration purposes. 

We wish to thank Mr. H. H. Kramer for his help in the 
construction of the apparatus. 


1 For example, Strong, Procedures in experimental physics (Prentice- 
Hall, 1938). 


A Bridge Method of Measuring the 
Incremental Inductance of an 
Iron-Cored Inductor 


A. E. BENFIELD 
Williams College, Williamstown, Massachusetts 


T is well known that the self-inductance which an iron- 

cored inductor possesses depends on.the magnitude of 
the current in it, and that the self-inductance becomes less 
as the iron core approaches saturation. The impedance 
which such an inductor presents to alternating current can 
depend considerably on the magnitude of any direct current 
that may be present in the inductor. Although this im- 
portant fact is emphasized in many textbooks, little infor- 
mation is usually given about methods of measuring the so- 
called incremental inductance of an iron-cored coil that is 
passing direct current. 

The simple inductance bridge is not entirely suitable for 
this purpose. For instance, since the impedance of the d.c. 
voltage source is small, the source cannot be placed in 
parallel with the iron-cored inductor unless a large choke 
coil is put in series with this source. On the other hand, if 
the iron-cored inductor is series fed, various other compli- 
cations may arise. Another trouble is that the standard air 
inductance will necessarily be much smaller than the 
unknown if this is the inductance of a large iron-cored 
choke. Various methods have been devised for measuring 
incremental inductance.! However, as a simple practical 
method is perhaps not at first sight obvious, a bridge for 
measuring this quantity will be described. 

The circuit (Fig. 1) is based on the capacitance bridge in 
order that direct current may be blocked from the oscillator 
and earphones. In order to make a measurement, switch S 
is opened and the bridge is balanced by adjusting R, and 
C, in the usual way for a capacitance bridge, after which C, 
should not be changed. Then switch S is closed and the 
direct current is adjusted to the desired value, after which 
condenser C is set so that the tuned circuit LC exhibits 
parallel resonance. If the Q ratio of the coil is extremely 
large, this last adjustment will re-establish the balance of 
the bridge. However, in practice the conductance of the 
tuned circuit at parallel resonance may still be appreciable, 
so that a slight increase in R, will be necessary to bring the 
sound in the earphones to a sharp minimum. If the Q ratio 
of the coil is moderately large—that is, if Q*>>1—the 
incremental inductance of the coil is easily calculated, being 
practically equal to 1/Cw*, where w is the angular frequency 
of the alternating current. 

The impedance of the tuned circuit at parallel resonance 
should be large compared with that of Ry. However if R, 
is too small, a sharply defined balance point will not be 
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NOTES AND DISCUSSION 


Fic. 1. Diagram of the circuit. 


found after switch S has been closed, for the impedance of 
the tuned circuit will be relatively large over a wide range 
of values of C. Unless the direct-current resistance of the 
coil L is very high, it is not hard to find a suitable value for 
Ry. For example, when measuring a coil having a d.c. 
resistance of 680 ohms and an incremental inductance 
varying between 4 and 20 h, it was found that 2000 ohms 
was a Suitable value for each of the resistances Ri, Re, Rs 
and Ry. The capacitances Cz and C, were each about iyf, 
and w was equal to 24007 rad/sec. 

An advantage of this bridge is that none of the four last- 
mentioned resistances needs to be noninductive and only 
one, R4, has to dissipate an appreciable amount of power. 
The values of these four resistances need not be accurately 
known as they do not enter into the calculations. Also, no 
large blocking choke coil is needed. A disadvantage, if high 
accuracy is wanted, is that w appears in the calculations 
and does so in such a way that, when the Q ratio of the 
coil is large, the proportional error in the incremental 
inductance is twice that of w. 


1 See, for instance, G. F. Partridge, <a ate 22, 665 (1936); H. 
Turner, Proc. I.R.E. 17, 1822 (1929); V. D. Landon, Proc. I.R.E. is 
1771 (1928). 


Centrifugal Force 


ARTHUR TABER JONES 
Smith College, Northampton, Massachusetts 


HE meaning of the term “centrifugal force’’ was dis- 
cussed in this journal' some years ago, but confusion 
regarding it still persists. In some books, perhaps especially 
on engineering subjects, a centrifugal force is applied to the 
body that describes the curved path, and problems are 
treated in such a way that the results thus obtained are 
correct. In other books, especially in textbooks on physics, 
a centrifugal force is said to be the reaction to a centripetal 
force. When the term is used with this latter significance the 
centrifugal force does not act on the body that describes the 
curved path but on some other body. In a few books— 
among them one of the pre-flight training manuals—the 
two meanings are inconsistently mixed. 

I illustrate the two points of view by a simple problem 
which I solve in two ways—first, essentially as it is solved 
in a number of books on aeronautics, and then as it “_— 
be solved in various books on physics. 

In Fig. 1, AB is the wing of an airplane which is ying on 
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a level path that curves, with the center of the path off to 
the left. For the present purpose the important forces on 
the plane are its weight W, the lift L, and the centrifugal 
force F,. The vertical component of the lift balances the 
weight, and the horizontal component of the lift balances 
the centrifugal force. So the conclusion is reached that the 
lift must be larger when the plane flies on a level curve than 
when the path is level and straight. 

The second method of solution is suggested in Fig. 2. 
Here again AB is the wing of an airplane which is flying on 


L 


W WwW 


Fic. 1. Fic, 2. 


a level curve that has its center off to the left. Since the path 
is curved the plane is not in equilibrium. The requisite 
centripetal force F2 is the vector sum of the weight W and 
the lift L. From this point of view the centrifugal force is 
equal in magnitude and opposite in sense to F2. This 
centrifugal force, however, is not applied to the airplane 
but to the surrounding air. 

Both methods of treating the problem lead to precisely 
the same lift. Is it not also a fact that to a boy who does 
not know much about physics the solution in Fig. 1 will 
seem the simpler and more straightforward? 

The justification for the first method of treating the 
problem is found in D’Alembert’s principle. This principle, 
as is well known, states that if we imagine a “reversed 
effective force” applied to each particle in the given system 
we may then treat the system by the methods employed in 
statics. A reversed effective force is simply a fictitious force 
equal in magnitude and opposite in sense to the resultant 
force that acts on the particle. The point to be emphasized 
here is that a centrifugal force may be regarded as a reversed 
effective force which we imagine applied to the body describing 
the curve in order that we may then treat the body as if it were 
in equilibrium. This is what is done in Fig, 1. 

It is unfortunate to have one term used with two different 
meanings. I do not know how the idea that a-centrifugal 
force is the reaction to a centripetal force arose. I suspect 
that the idea may have been introduced in order to find 
some way of making the somewhat disreputable term 
“centrifugal force” more respectable. But when a centrifu- 
gal force is regarded as a reaction it does not seem to have 
much value. In fact, this feeling with regard to it has been 
expressed in more than one textbook. 

In agreement with the proposal made by Lenzen,! I 
suggest that we cease using the term centrifugal force to 
mean the reaction to a centripetal force, and that when we 
employ the term at all we use it consistently to mean a 
force which we imagine applied to the body itself in order to 
treat the problem by the laws of statics. 


1C, F. Hagenow, Am. J. Phys. (Am. Phys. T.) 3, 190 (1935); V. F. 
Lenzen, bide 7, 66 (1939); R. Orin Cornett, ibid., 7, 347 (1939). 
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Detonation of Electrolytic Gas 


The detonation of a mixture of hydrogen and oxygen 
resulting from electrolysis is commonly demonstrated by 
forming bubbles of the gas in a soap solution. This method 
frequently fails owing to traces of acid in the gas. A better 
method is to use a sodium hydroxide solution in a three- 
neck Woulfe bottle. The electrodes are passed through 
stoppers in the two outer necks, and the gas is carried off 
by a short bent glass tube passing through a stopper in the 
middle neck. The solution should nearly fill the bottle so as 
to reduce the volume of air that must be displaced by the 
gas. When the air has been driven out, a short piece of 
rubber tubing slipped over the glass tube is dipped beneath 
the surface of the soap solution in a mortar and a sufficient 
supply of bubbles is formed in a few minutes. After the 
mortar has been removed to a safe distance, the bubbles 
may be ignited by a lighted match held in a pair of crucible 
tongs.—A. F. WILLIsTon, J. Chem. Ed. 20, 210 (1943). 

i BE. 




































































Improvement of Dew-Point Determination 








In a hygrometer of the Alluard type, the cooled metal 
surface on which the water condenses is closely bordered 
by polished metal which is not cooled. However, the zone 
between the two surfaces can be seen, and it is well known 
that the minimum detectable brightness differential in a 
photometric field depends critically upon the width of the 
zone between the portions of the field. Moreover, tempera- 
ture differences in the cooled metal plate are such that 
condensation usually starts in a central spot, and the 
advantage of a closely neighboring comparison surface is 
therefore small. 

An excellent photometric field can be produced easily on 
a polished surface through the use of a wetting agent. A 
thin film of, say, Victor Wetting Agent No. 35-B, is applied 
on an outer zone, leaving, for example, a rectangular central 
region untouched. All the film excepting an invisible layer 
is then removed by rubbing with a clean cloth, care being 
taken to stroke parallel to the edges of the plate, so that 
the two zones are sharply defined. A continuous, visible 
film of water immediately forms on the zone treated with 
the wetting agent, while the condensation upon the central 
zone occurs in the usual manner. Because of the narrow line 
of demarcation between the two zones, a reflectance differ- 
ential of about 1.5 percent probably can be observed by an 
experienced operator. The whole metal surface occasionally 
should be cleaned and polished, and the wetting agent 
reapplied —J. A. VAN DEN AKKER and WILMER A. WINK, 
Science 97, 494 (1943). DD. R. 











































































































































































































Simple Experiments on Metals 








(1) If a copper wire is supported horizontally by one end 
and a Bunsen flame played along it, the wire becomes very 
soft. Although the wire does not become a single crystal, it 
“anneals”’ into a conglomeration of highly perfect crystals 
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Fic. 1. Cellophane 
strip supporting a 
2-kg weight. 





that show the same effect. In this state, a very small weight 
hung on its end bends it over. If it is now bent back to the 
horizontal position, it will support the weight. Finally, if it 
is bent backwards and forwards a few times, it becomes 
very stiff. Cold working has made it strong. 

(2) In order to be strong, a metal must be weak. If the 
metal yields when it is pulled too hard, a crack will not 
deepen; the metal gives way at this point and relieves the 
strain. A single illustrative experiment can be performed 
with Cellophane, which is brittle when dry and slightly 
plastic when moist. Cardboard strips are gummed to the 
top and bottom of a 10X5X0.002-cm strip of Cellophane. 
If the lateral edges are left free, so that cracks do not start 
from them (Fig. 1), one can hang on the strip a 2-kg weight. 
If the Cellophane is pricked with a needle when dry, it 
breaks instantly. If one breathes on the strip, the needle- 
prick has no effect, for the Cellophane flows enough around 
the pricked point to stop the spreading of a crack. For the 
experiment to succeed when the air is moist, the Cellophane 
must first be artificially dried —Srr LAWRENCE BRAGG, 
“Metals,” Endeavour 2, 43-51 (1943). D. R. 


A Demonstration of the Difficulty of X-Ray Analysis 


The interpretation of x-ray diffraction is like solving a 
crossword puzzle; we cannot proceed directly, but must 
guess and test whether the guess is correct. We know that 
the actual crystal structure consists of a regular array of 
certain groups of atoms, and how much each atom scatters 
x-rays. From other analyses we know much about the 
configuration of the atomic groups, their distance apart, 
and which are likely to be their neighbors. In the light of 
such experience, possible configurations are tested to see 
whether they explain all the x-ray results, until one is found 
that satisfies every check. 

A simple and striking optical experiment illustrates the 
difficulty of x-ray analysis. A cross-grating pattern, with 
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about 50 repetitions of the unit to a centimeter each way, is 
illuminated by parallel monochromatic light and viewed by 
a microscope. A convenient object is a series of circular 
transparent holes, made as a print from the type of process 
plate used in half-tone reproduction. When the microscope 
is accurately focused, these holes are seen in their true 
form. Now the light message received by the microscope 
under these conditions is a series of parallel beams—the 
cross-grating spectra—the intensities and directions of 
which remain the same whatever the distance of the ob- 
jective from the cross-grating. These beams therefore con- 
tinue to build up an image when the objective is moved 
away from or towards the object, out of the focused posi- 
tion. The only variation when the objective is moved is in 
the relative phases of the parallel beams, which on passing 
through the instrument build up the image. Since racking 
of the microscope out of focus affects the path-lengths of 
the beams to a different extent, we see a different image for 
every position of the objective. The image may be regarded 
as built up of a two-dimensional Fourier series of fringes, 
which become very obvious when so thrown out of phase 
that they no longer build up the true image. If the source of 
illumination is a mercury vapor lamp, the various wave- 
lengths build up image patterns that resemble a brilliant 
series of tartan patterns. Since every image is realistic, we 
cannot focus the microscope unless we know what we ought 
to be seeing—in this case, a series of round holes. In a 
precisely similar way, the phases are uncertain in x-ray 
analysis; we can “‘focus’’ only because we know we ought 


to be seeing atoms.—SirR LAWRENCE BRaGG, in a Friday 
evening discourse delivered at the Royal Institution; 


Nature 151, 545-547 (1943). DR. 


Apparent Speed of an Object Seen Through a Field Glass 


To the question of why an automobile approaching an 
observer seems to move so much slower when seen through 
a field glass than when seen only with the eyes, an answer 
has been published [J. Am. Med. Ass. 113, 167 (1939) ] that 
is correct for head-on motion but misleading for motions 
at an angle other than zero with the line of sight. 

If an observer in the middle of a highway watches 
through a field glass of magnification x a car approaching 
with speed v, the apparent speed of the car will be v/x; for 
the time is independent of how the car is observed whereas 
the apparent distance is 1/xth of its value without the glass. 
But if an observer not on the road watches the oncoming 
car through the glass, the apparent speed will increase until 
the car is directly opposite him, when it will be xv, because 
the apparent distance the car moves in a unit of time is 
then x times the actual distance. 

If @ is the angle between the line of sight of the observer 
and the line of travel of the car, the equation for the ap- 
parent speed V is 

V =(v/x) cos? 6+ vx sin? 6. 
Except when @ is close to zero, the first term on the right 
has little influence on the value of V; that is, V varies 
virtually as sin? @ when v and x are constant. For an angle 
such that V equals », the effect of x on @ may be noted.— 
ConraD K. Rizer, Sch. Sci. and Math. 43, 552 (1943). 
DR, 
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Registrations in the National Roster 


The professions or fields of the 630,770 persons registered 
in the National Roster of Scientific and Specialized Per- 
sonnel as of April 24, 1943 are as follows: physicians, 
dentists and veterinarians, 399,179; chemistry, 80,605; 
civil engineering, 34,053; electrical engineering, 22,027; 
mechanical engineering, 21,669; physics, 11,054; mathe- 
matics, 9,154; geology, 9,028; economics, 7,990; chemical 
engineering, 7,967; biology, 7,170; psychology, 5,933; radio 
engineering, 5,630; aeronautical engineering, 4,825; auto- 
motive engineering, 3,265; naval architecture, 1221.—New 
York Times, Apr. 24, 1943. D. R. 


Freedom in Science 


In wartime science must be planned in its applications 
to the problems of defense, food production and similar 
matters; indeed, the success or failure of a nation at war 
depends mainly upon how well it is able to utilize its 
scientific knowledge. However, we must be careful to dis- 
tinguish between science and its applications—a distinction 
that may be represented by the difference between science 
and technology. Science is concerned with the disinterested 
and dispassionate search for truth, and the scientist at work 
cannot see whither the road he travels will lead him. He 
must on occasion be prepared to follow what looks like a by- 
path, and it is vitally important that he should be free to 
do so if he so chooses. A characteristic feature of technology, 
however, is its concern with more or less clearly defined 
ends—improvement of a manufacturing process, or carrying 
out to its logical conclusion certain practical possibilities 
inherent in some general principles. In truth, the technol- 
ogist in such endeavor may discover new facts and may 
actually follow up some of these; nevertheless, as a tech- 
nologist he must carry out his original intention if he is to 
be successful at his job. Many large organizations are 
sufficiently enlightened to recognize that their research 
workers may come across new possibilities, and are pre- 
pared to give them their head; as a result, countless 
advances in “‘pure science’ have been made in industrial 
laboratories, especially in the United States. On the other 
hand, not a little work of a distinctly technologic nature has 
emerged from the universities. 

Unfortunately, the uncontrolled applications of the ob- 
jective sciences as against the almost complete neglect of 
the applications of the social sciences have brought us 
perilously near the abyss of collapse of our civilization. As 
a result, there is a widespread belief, resting on a fallacy, 
that complete planning of a scientific investigation from 
above, presumably by the state, is the only way to our 
material salvation. The fallacy lies in the fact that scientific 
research as distinct from technologic research cannot be 
planned. The scientist cannot see the end of his investiga- 
tions and must be content to have faith and follow where 
truth leads; unlike the technologist, he cannot be judged 
by results or work to a timetable. His greatest moments of 
inspiration and insight often occur when to the onlooker 
he is ‘‘off duty.’”” Many of his most brilliant successes are 
the result of chance occurrences and of his freedom to take 
advantage of accidental happenings and observations with 
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the consequent need for change of direction in his work— 
a diversion which under rigid planning from above would 
not be permitted. 

One important but often overlooked implication in 
planning is that the more life is planned the less freedom 
there is for the individual. Under complete planning the 
scientist would have to work continuously according to 
some hypothetical formula or even political slogan, always 
being prepared to subordinate his intuitions, his conscience 
and his intellect to the dictates of the superimposed policy. 
We cannot contemplate any scientific man doing creative 
work under these conditions. 

In a recent lecture Dr. J. R. Baker outlined the desirable 
conditions under which the scientist should work, empha- 
sizing in particular free choice in following up any new 
suggestion or chance occurrence in investigations. Without 
denying that the scientist’s prime service is to make his 
maximum contribution to the community through his own 
particular sphere of activity, he did nevertheless imply that 
the scientist working in the realm of ideas is akin to the 
student of esthetics, a field in which the mere notion of 
planning is ludicrous. Planning of such work would defeat 
its own end through strangulation of the very spirit of 
science. 

In the subsequent discussion it was evident that the 
technologists were in broad agreement with Doctor Baker 
on the need for freedom of the scientific worker. It was 
clear, however, that science is being attacked from within. 
Certain scientists, apparently misled by the undoubted 
need for the close linking of the objective and the social 
sciences, have quite wrongly concluded that this link should 
take the form of complete planning of all science. Other 
motives, possibly of a purely political nature, seem also to 
be involved. One must not forget, however, that the 
scientist, as such, is not concerned with politics or even 
with applications; therefore, controls of any kind and the 
emotional associations which are invariably aroused by 
political action are inimical to his scientific advance. 

Some members of the group were worried as to the 
distinction between pure and applied science. Rigorous 
definitions are impossible, but Doctor Baker suggested as 
the chief distinguishing characteristic the fact that scientific 
results are of permanent value, whereas technologic results 
are of ephemeral value, being out-dated by further achieve- 
ments in the same field. 

One speaker referred to the ample resources for research 
provided in Russia and emphasized that scientific work 
must have due relation to national needs. Another point 
made was that the task of the scientist is to lead the people; 
therefore he cannot remain aloof from political and social 
questions. There was frequent reference to the need for 
precise definitions, particularly of the term ‘‘truth” in the 
expression, ‘“‘science is concerned with the search for 
truth.”’ For example, which fact is to be regarded as truth, 
(a) that we can measure the wave-length of x-rays, or 
(b) that we can use x-rays for therapeutic purposes? Are 
not the two aspects of our knowledge intimately bound 
together? This speaker concluded that we are unable to 
insist on the freedom of pure science. 

Clearly an important subject has been opened up for 


consideration in wartime when everyone is deeply con- 
cerned with what we are to do both as individuals and as 
members of the community. The problems are of more than 
mere academic interest —H. Lowery, Nature 151, 295-297 
(1943) BD KR. 
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